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Abstract
We establish a Karhunen-Loève Expansion for generic centered, second order
stochastic processes. We further investigate in which norms the expansion converges and derive exact rates of convergence for these norms. Moreover, we show
that these results can in some situations be used to construct reproducing kernel
Hilbert spaces (RKHSs) containing the paths of a version of the process. As an
application, we compare the smoothness of the paths with the smoothness of the
functions contained in the RKHS of the covariance function.
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Introduction

Given a real-valued, centered stochastic process (Xt )t∈T with finite second moments,
the covariance function k : T × T → R defined by k(s, t) := EXs Xt is positive
semi-definite. Consequently, there exists a reproducing kernel Hilbert space (RKHS)
H on T for which k is the (reproducing) kernel. It is well-known that there are intimate
relationships between H and the stochastic process.
One such relation is described by the classical Loève isometry Ψ : L2 (X) → H
defined by Ψ(Xt ) = k(t, ·), where L2 (X) denotes the L2 (P )-closure of the space
spanned by (Xt )t∈T . In particular, if (ei )i∈I is an arbitrary orthonormal basis (ONB)
of H, then the process enjoys the representation,
X
Xt =
ξi ei (t) ,
(1)
i∈I

where (ξi )i∈I is the family of uncorrelated random variables given by ξi := Ψ−1 (ei ),
and the convergence is, for each t ∈ T , unconditional in L2 (P ).
1

For Gaussian processes, the relationship between the process and its RKHS is, of
course, even closer, since the finite dimensional distributions of the process are completely determined by k. Moreover, the isometry Ψ can be used to define stochastic
integrals, see e.g. [16, Chapter 7]. In addition, if H is separable, the representation (1)
converges also P -almost surely for each t, and (ξi )i∈I is a family of independent, standard normal random variables, see e.g. [16, Theorem 8.22]. Last but not least, in some
cases we even have P -almost surely uniform convergence in t, see [2, Theorem 3.8].
Note that unlike the convergence in (1), uniform convergence in t makes it possible to
represent the paths of the process by a series expansion.
If T is a compact metric space, ν is a strictly positive and finite Borel measure
on T , and k is continuous, the famous Karhunen-Loève expansion allows to refine
the expansion (1). Indeed, in this case we can find an ONB (ei )i∈I of H that is also
orthogonal in L2 (ν) and we additionally have
X
X(ω) =
ξi (ω)ei ,
(2)
i∈I

where the series converges
P unconditionally in L2 (ν) for P -almost all ω ∈ Ω. In addition, we have X =
i∈I ξi ⊗ ei with unconditional convergence in L2 (P ⊗ ν).
Like for the above mentioned example of certain Gaussian processes, the form of convergence in (2) allows for a series expansion of the paths of the process, this time,
however, only with L2 (ν)-convergence. However, the assumptions needed for (2) are
significantly more restrictive than those for (1), and thus a natural question is to ask for
weaker assumptions ensuring a path representation (2). In addition, L2 (ν)-convergence
is a rather weak form of convergence so that is seems to be desirable to replace it by
stronger notions of convergence, e.g. by uniform convergence in t.
Another, rather different relationship between the process and its RKHS is in terms
of quadratic mean smoothness. For example, if T is a metric space, then the process
is continuous in quadratic mean, if and only if its kernel is continuous. Moreover, a
similar statement is true for quadratic mean differentiability. We refer to [4, p. 63] and
[44, p. 65ff] for details.
Of course, smoothness in quadratic mean is not related to the smoothness of the
paths of the process. However, considering the path expansion (2) it seems natural to
ask to which extend the paths inherit smoothness properties from H, or from the ONB
(ei )i∈I . Probably, the first attempt in this direction is to check whether the paths are
P -almost surely contained in H. Unfortunately, this is, in general not true. Indeed,
for Gaussian processes with infinite dimensional RKHS the paths are P -almost surely
not contained in H, see [22, Corollary 7.1] and also [25]. A natural next question is
to look for larger RKHSs H̄ that do contain the paths almost surely. The first result in
this direction goes back to Driscoll, see [11]. Namely, he essentially showed:
Theorem 1.1. Let (T, d) be a separable metric space and (Xt )t∈T be a centered and
continuous Gaussian process, whose kernel k is continuous. Then for all RKHS H̄ on
T having a continuous kernel, the following statements are equivalent:
i) Almost all paths of the process are contained in H̄.
ii) We have H ⊂ H̄ and the embedding id : H → H̄ is Hilbert-Schmidt.
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Since being Hilbert-Schmidt is already a rather strong notion of compactness,
Driscoll’s theorem shows that possible spaces H̄ need to be significantly larger than
H, at least for Gaussian processes satisfying the assumptions above. In particular, if
we try to describe smoothness properties of the paths by a suitable RKHS H̄, this result
suggests that the paths should be rougher than the functions in H.
More recently, Lukić and Beder have shown, see [22, Theorem 5.1], that for arbitrary centered, second-order stochastic process (Xt )t∈T condition ii) implies the existence of a version (Yt )t∈T whose paths are almost surely contained in H̄, and for
generic Gaussian processes [22, Corollary 7.1] shows i) ⇒ ii). Furthermore, they provide examples of non-Gaussian processes, for which the implication i) ⇒ ii) does not
hold, and they also present modifications i’) and ii’) of i) and ii), for which we have i’)
⇒ ii”) in the general case, see [22, Theorem 3.1 and Corollary 3.1] for details.
Summarizing these results, it seems fair to say that we already have reasonably
good means to test whether a given RKHS H̄ contains the paths of our process almost
surely. Except for a couple of specific examples, however, very little is known whether
such an H̄ exists, or even how to construct such an H̄, cf. [21, p. 255ff].
It turns out in this paper, that all these questions are related to each other by a
rather general form of Mercer’s theorem and its consequences, which has been recently
presented in [36]. Before we go into details in the next sections let us briefly outline our
main results. To this end let us assume in the following that we have a σ-finite measure
ν on T and a centered, second order process (Xt )t∈T with X ∈ L2 (P ⊗ ν). It turns out
that for such processes, H is “contained” in L2 (ν) and the “embedding” H → L2 (ν)
is Hilbert-Schmidt, which makes the results from [36] readily applicable. Here we use
the quotation marks, since we actually need to consider equivalence classes to properly
define the embedding. As a matter of fact, the entire theory of [36] foots on the careful
differentiation between functions and their equivalence classes, and thus we need to
adopt the somewhat pedantic notation of [36] later in the paper. For now, however, let
us ignore these differences for the informal description of our main results:
• The Karhunen-Loève expansion (2) always holds for the process (Xt )t∈T . In
particular, no topological assumptions are needed.
• If the embedding H → L2 (ν) is, in a certain sense, more compact than HilbertSchmidt, then almost all paths of the process are contained in a suitable interpolation space between L2 (ν) and H. Moreover, (2) converges in this interpolation
space, too, and the average rate of this convergence can be exactly described. Finally, for Gaussian processes the results are sharp.
• Under even stronger compactness assumptions on the embedding H → L2 (ν),
the interpolation space is an RKHS and there exists a version of the process
having almost all its paths in this RKHS.
• If T ⊂ Rd is a bounded and open subset with suitable boundary conditions, and
H is embedded into a (fractional) Sobolev space W m (T ) with m > d/2, then
almost all paths are in the fractional Sobolev space W m−d/2− (T ), where ε > 0
is arbitrary. Moreover, for Gaussian processes this is sharp. In other words, the
paths are about d/2-less smooth than the functions in H.
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Besides other possible applications, these results are particularly interesting for
certain non-parametric statistical methods such as so-called Gaussian processes,
see [28, 27, 40, 39] and the references therein, as well as spatial statistical methods, see e.g. [34, 13, 33] and the references in these articles.
The rest of this paper is organized as follows: In Section 2 some concepts from [36]
are recalled and some additional results are presented. The generic Karhunen-Loève
expansion is established in Section 3 and Section 4 contains the results that are related
to stronger notions of convergence in the Karhunen-Loève expansion. In Section 5
we continue these investigations with the focus on instances, where the interpolation
spaces are RKHSs. The Sobolev space related results are presented as applications of
the general theory in Sections 4 and 5. All proofs as well as some auxiliary results can
be found in Section 6.

2

Preliminaries on Kernels

Let us begin by introducing some notations. To this end, let (T, B, ν) be a measure
space. Recall that B is ν-complete, if, for every A ⊂ T for which there exists an
N ∈ B such that A ⊂ N and ν(N ) = 0, we have A ∈ B. In this case we say that
(T, B, ν) is complete.
For S ⊂ T we denote the indicator function of S by 1S . Moreover, for an f : S →
R we denote its zero-extension by fˆ, that is, fˆ(t) := f (t) for all t ∈ S and fˆ(t) := 0
otherwise.
As usual,RL2 (ν) denotes the set of all measurable functions f : T → R such that
kf kL2 (ν) := |f |2 dν < ∞. For f ∈ L2 (ν), we further write

[f ]∼ := g ∈ L2 (ν) : ν({f 6= g}) = 0
for the ν-equivalence class of f . Let L2 (ν) := L2 (ν)/∼ be the corresponding quotient
space and k·kL2 (ν) be its norm. For an arbitrary, non-empty index set I and p ∈ (0, ∞),
we denote, the space of all p-summable real-valued families by `p (I).
In the following, we say that a Banach space F is continuously embedded into a
Banach space E, if F ⊂ E and the identity map id : F → E is continuous. In this
case, we sometimes write F ,→ E.
Let us now recall some properties of reproducing kernel Hilbert spaces (RKHSs),
and their interaction with measures from [36]. To this end, let (T, B, ν) be a measure
space and k : T × T → R be a measurable (reproducing) kernel with RKHS H, see
e.g. [4, 41, 35] for more information about these spaces. Recall that in this case the
RKHS H consists of measurable functions T → R. In the following, we say that H is
embedded into L2 (ν), if all f ∈ H are measurable with [f ]∼ ∈ L2 (ν) and the linear
operator
Ik : H
f

→ L2 (ν)
7→ [f ]∼

is continuous. We write [H]∼ for its image, that is [H]∼ := {[f ]∼ : f ∈ H}. Moreover, we say that H is compactly embedded into L2 (ν), if Ik is compact. For us, the
4

most interesting class of compactly embedded RKHSs H are those whose kernel k
satisfies
Z
1/2
< ∞.
(3)
kkkL2 (ν) :=
k(t, t)dν(t)
T

For these kernels, the embedding Ik :→ H is actually Hilbert-Schmidt, see e.g. [36,
Lemma 2.3]. Finally note that kkkL2 (ν) < ∞ is always satisfied for bounded kernels
as long as ν is a finite measure.
Now assume that H is embedded into L2 (ν). Then one can show, see e.g. [36,
Lemma 2.2], that the adjoint Sk := Ik∗ : L2 (ν) → H of the embedding Ik satisfies
Z
Sk f (t) =
k(t, t0 )f (t0 )dν(t0 ) ,
f ∈ L2 (ν), t ∈ T .
(4)
T

We write Tk := Ik ◦ Sk for the resulting integral operator Tk : L2 (ν) → L2 (ν).
Clearly, Tk is self-adjoint and positive, and if H is compactly embedded, then Tk is
also compact, so that the classical spectral theorem for compact, self-adjoint operators
can be applied. In our situation, however, the spectral theorem can be refined, as we
will see in Theorem 2.1 below. In order to formulate this theorem, we say that an at
most countable family (αi )i∈I ⊂ (0, ∞) converges to 0 if either I = {1, . . . , n} or
I = N := {1, 2, . . . } and limi→∞ αi = 0. Analogously, when we consider an at
most countable family (ei )i∈I , we always assume without loss of generality that either
I = {1, . . . , n} or I = N.
With these preparation we can now state the following spectral theorem for Tk ,
which is an abbreviated version of [36, Lemma 2.12].
Theorem 2.1. Let (T, B, ν) be a measure space and k be a measurable kernel on
T whose RKHS H is compactly embedded into L2 (ν). Then there exists an at most
countable family (µi )i∈I ⊂ (0, ∞) converging to 0 with µ1 ≥ µ2 ≥ · · · > 0 and a
family (ei )i∈I ⊂ H such that:
√
i) The family ( µi ei )i∈I is an ONS in H and ([ei ]∼ )i∈I is an ONS in L2 (ν).
ii) The operator Tk enjoys the following spectral representation, which is convergent in L2 (ν):
X
Tk f =
µi f, [ei ]∼ L2 (ν) [ei ]∼ ,
f ∈ L2 (ν) .
(5)
i∈I

In addition, we have
µi ei

= Sk [ei ]∼ ,

i∈I

(6)

ker Sk
ran Sk

= ker Tk
√
= span{ µi ei : i ∈ I}

(7)
(8)

ran Sk∗

= span{[ei ]∼ : i ∈ I}

(9)

ker Sk∗
ran Sk∗

=
=

⊥

(10)

⊥

(11)

(ran Sk )

(ker Sk ) ,
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where the closures and orthogonal complements are taken in the spaces the objects are
naturally contained in, that is, (8) and (10) are considered in H, while (9) and (11) are
considered in L2 (ν).
The following set of assumptions, which is frequently used throughout this paper,
essentially summarizes some notations from Theorem 2.1.
Assumption K. Let (T, B, ν) be a measure space and k be a measurable kernel on
T whose RKHS H is compactly embedded into L2 (ν). Furthermore, let (µi )i∈I and
(ei )i∈I be as in Theorem 2.1.
With the help of these families (µi )i∈I and (ei )i∈I ⊂ H, some spaces and new
kernels were defined in [36], which we need to recall since they are essential for this
work. To begin with, [36, Equation (36)] introduced, for β ∈ (0, 1], the subspace
X

β/2
β
[H]∼ =
ai µi [ei ]∼ : (ai ) ∈ `2 (I)
i∈I

of L2 (ν) and equipped it with the Hilbert space norm
X

β/2

ai µi

[ei ]∼

i∈I

[H]β
∼

:= k(ai )k`2 (I) .

(12)

β/2

It is easy to verify that (µi [ei ]∼ )i∈I is an ONB of [H]β∼ and that the set [H]β∼ is
independent of the particular choice of the family (ei )i∈I ⊂ H in Theorem 2.1. In
particular, [36, Theorem 4.6] showed that


β/2
[H]β∼ = L2 (ν), [H]∼ β,2 = ran Tk ,

(13)

β/2

where Tk denotes the β/2-power of the operator Tk defined, as usual, by its spectral representation, and [L2 (ν), [H]∼ ]β,2 stands for the interpolation space of the standard real interpolation method, see e.g. [3, Definition 1.7 on page 299]. In addition,
[36, Theorem 4.6] showed that the norms of [H]β∼ and [L2 (ν), [H]∼ ]β,2 are equivalent. In other words, modulo equivalence of norms, [H]β∼ is the interpolation space
[L2 (ν), [H]∼ ]β,2 .
In [36, Section 4] it was shown that under certain circumstances [H]β∼ is actually
the image of an RKHS under [ · ]∼ . To recall the construction of this RKHS, let us
assume that we have a measurable S ⊂ T with ν(T \ S) = 0 and
X β
µi e2i (t) < ∞ ,
t∈S
(14)
i∈I

P
We write êi := 1S ei for all i ∈ I. Clearly, this gives i∈I µβi ê2i (t) < ∞. Based on
this and the fact that ([êi ]∼ )i∈I is an ONS of L2 (ν), [36, Lemma 2.6] showed that
X

β/2
β
ĤS :=
ai µi êi : (ai ) ∈ `2 (I)
(15)
i∈I

6

equipped with the norm
X

β/2

ai µi

i∈I

êi

β
ĤS

:= k(ai )k`2 (I)

(16)

is a separable RKHS, which is compactly embedded into L2 (ν). Moreover, the family
β/2
(µi êi )i∈I is an ONB of ĤSβ and the (measurable) kernel k̂Sβ of ĤSβ is given by the
pointwise convergent series representation
X β
k̂Sβ (t, t0 ) =
µi êi (t)êi (t0 ) ,
t, t0 ∈ T .
(17)
i∈I

Note that [36, Proposition 4.2] showed that k̂Sβ and its RKHS ĤSβ are actually independent of the particular choice of the family (ei )i∈I ⊂ H in Theorem 2.1, which justifies
the chosen notation. Recall that in general, k̂T1 does not equal k, and, of course, the
same is true for the resulting RKHSs ĤT1 and H. In fact, [36, Theorem 3.3] shows that
k = k̂T1 holds, if and only if Ik : H → L2 (ν) is injective, and a sufficient condition for
the latter will be presented in Lemma 2.6. Finally, for α ≥ β, we have ĤSα ,→ ĤSβ by
the definition of the involved norms, cf. also the proof of [36, Lemma 4.3].
In the following, we write kSβ : S × S → R for the restriction of k̂Sβ onto S × S
and we denote the RKHS of kSβ by HSβ .
Formally, the spaces ĤSβ , HSβ and [H]β∼ are different. Not surprisingly, however,
they are all isometrically isomorphic to each other via natural operators. The corresponding results are collected in the following lemma.
Lemma 2.2. Let Assumption K be satisfied, β ∈ (0, 1], and R ⊂ S ⊂ T be measurable
subsets such that R satisfies ν(T \ R) = 0 and (14). Then the following operators are
isometric isomorphisms:
β
defined by f 7→ 1R f .
i) The multiplication operator 1R : ĤSβ → ĤR

ii) The zero-extension operator ˆ· : HSβ → ĤSβ .
β
iii) The restriction operator ·|R : ĤSβ → HR
.

iv) The equivalence-class operator [ · ]∼ : ĤSβ → [H]β∼ .
Since in the following we need to investigate inclusions between RKHSs in more
detail, let us introduce some more notations. To this end, we fix two kernels k1 , k2 on
T with corresponding RKHSs H1 and H2 . Following [22] we say that k2 dominates
k1 and write k1 ≤ k2 , if H1 ⊂ H2 and the natural inclusion operator Ik1 ,k2 : H1 →
H2 is continuous. In this case, the adjoint operator Ik∗1 ,k2 : H2 → H1 exists and is
continuous. In analogy to our previous notations, we write Sk1 ,k2 := Ik∗1 ,k2 . Moreover,
we speak of nuclear dominance and write k1  k2 , if k1 ≤ k2 and Ik1 ,k2 ◦ Sk1 ,k2 is
nuclear.
Let us now assume that HSβ exists for some β ∈ (0, 1). The preceding remarks then
show that the restriction operator ·|S : HT1 → HSβ is well-defined and continuous. The
next lemma shows that it is even compact and characterizes when it is Hilbert-Schmidt.
7

Lemma 2.3. Let Assumption K be satisfied. Then, for all β ∈ (0, 1) and all measurable
S ⊂ T satisfying ν(T \ S) = 0 and (14), the restriction operator ·|S : HT1 → HSβ is
compact, and the following statements are equivalent:
i) The operator ·|S : HT1 → HSβ is Hilbert-Schmidt.
P
< ∞.
ii) We have i∈I µ1−β
i
iii) We have kS1  kSβ .
Let us now recall conditions, which ensure
P (14) for a set S of full measure. To
begin with, note that we find such an S if i∈I µβi < ∞, since a simple calculation
based on Beppo Levi’s theorem shows
Z X
X βZ
X β
µβi e2i (t) dν(t) =
µi
e2i (t) dν(t) =
µi < ∞ .
(18)
T i∈I

T

i∈I

i∈I

Moreover, in this case we obviously have kk̂Sβ kL2 (ν) < ∞. Interestingly, the converse
P
implication is also true, namely [36, Proposition 4.4] showed that we have i∈I µβi <
∞, if and only if (14) holds for a set S of full measure and the resulting kernel k̂Sβ
satisfies kk̂Sβ kL2 (ν) < ∞. Moreover, [36, Theorem 5.3] showed that (14) holds for a
set S of full measure, if ν is a σ-finite measure for which B is complete and
[H]β∼ ,→ L∞ (ν) .

(19)

Note that this sufficient condition is particularly interesting when combined with (13),
since the inclusion [L2 (ν), [H]∼ ]β,2 ,→ L∞ (ν) may be known in specific situations.
Finally, [36, Theorem 5.3] actually showed that the inclusion (19) holds, if and only if
(14) holds for a set S of full measure and the resulting kernel k̂Sβ is bounded.
Our next goal is to investigate under which conditions (14) even holds for S := T .
To this end, let us now assume that we have a topology τ on T . The following definition
introduces some notions of continuity.
Definition 2.4. Let (T, τ ) be a topological space and k be a kernel on T with RKHS
H. Then we call k:
i) τ -continuous, if k is continuous with respect to the product topology τ ⊗ τ .
ii) separately τ -continuous, if k(t, ·) : T → R is τ -continuous for all t ∈ T .
iii) weakly τ -continuous, if all f ∈ H are τ -continuous.
Clearly, τ -continuous kernels are separately τ -continuous. Moreover, it is a wellknown fact that given a τ -continuous kernel k its canonical feature map Φ : T → H
defined by Φ(t) := k(t, ·) is τ -continuous, see e.g. [35, Lemma 4.29], and hence the
reproducing property f = hf, Φ(·)iH , which holds for all f ∈ H, shows that k is also
weakly τ -continuous. Moreover, [35, Lemma 4.28] shows that bounded, separately
τ -continuous kernels are weakly τ -continuous, too. In this regard note that even on
T = [0, 1] not every bounded, separately τ -continuous kernel is continuous, see [20].
8

Let us now introduce two topologies on T generated by k and its RKHS H. The
first one is the topology τk generated by the well-known pseudo-metric dk on T defined
by
dk (t, t0 ) := kΦ(t) − Φ(t0 )kH ,
t, t0 ∈ T.
Obviously, this pseudo-metric is a metric if and only if the canonical feature map Φ :
T → H is injective, and this is also the only case in which τk is Hausdorff. Less
known is another topology on T that is related to k, namely the initial topology τ (H)
generated by the set of functions H. In other words, τ (H) is the smallest topology on
T for which all f ∈ H are continuous, that is, for which k is weakly τ -continuous.
More information on these topologies can be found in Lemma 6.1.
In the following, we sometimes need measures ν that are strictly positive on all
non-empty τ (H)-open sets. Such measures are introduced in the following definition.
Definition 2.5. Let (T, B, ν) be a measure space and k be a kernel on T with RKHS
H such that τ (H) ⊂ B. Then ν is called k-positive, if, for all O ∈ τ (H) with O 6= ∅,
we have ν(O) > 0.
The notion of k-positive measures generalizes that of strictly positive measures.
Indeed, if (T, τ ) is a topological space, and B := σ(τ ) is the corresponding Borel
σ-algebra, then a measure ν on B is strictly positive, if ν(O) > 0 for all non-empty
O ∈ τ . Now assume that we have a (weakly)-τ -continuous kernel k on T . Then we
find τ (H) ⊂ τ ⊂ B, and thus ν is also k-positive.
Note that if H is separable and k is bounded and B ⊗ B-measurable, then every
f ∈ H is B-measurable, see e.g. [35, Lemma 4.25], and hence σ(H) ⊂ B. By part
iii) of Lemma 6.1 we thus find τ (H) ⊂ σ(H) ⊂ B. In other words, the assumption
τ (H) ⊂ B, which will occur frequently, is automatically satisfied for such H.
The following simple lemma gives a first glance at the importance of k-positive
measures.
Lemma 2.6. Let (T, B, ν) be a measure space and k be a kernel on T with RKHS H
such that τ (H) ⊂ B. If ν is k-positive, then Ik : H → L2 (ν) is injective and k = kT1 .
Let us now collect a set of assumptions frequently used when dealing with kpositive measures.
Assumption CK. Let (T, B, ν) be a σ-finite and complete measure space and k be
a kernel on T with RKHS H such that τ (H) ⊂ B and ν is k-positive. Furthermore,
Assumption K is satisfied.
With these preparations we are now in the position to improve the result on bounded
kSβ from [36, Theorem 5.3].
Theorem 2.7. Let Assumption CK be satisfied. Furthermore, assume that for some
0 < β ≤ 1, we have


L2 (ν), [H]∼ β,2 ,→ L∞ (ν) .
(20)
Then, (14) holds for S := T , the resulting kernel kTβ is bounded, and τ (HTβ ) = τ (H).

9

P
Note that under the assumptions of Theorem 2.7 we also have i∈I µβi < ∞
provided that ν is finite, see [36, Theorem 5.3]. In addition, there is a partial converse,
which does not need any continuity assumption. Indeed, if we have supi∈I kei k∞ <
P
∞, then a simple estimate shows that i∈I µβi < ∞ implies (14) for S := T , and the
resulting kernel kTβ turns out to be bounded.
To illustrate the theorem above, let us assume that (T, τ ) is a topological space. In
addition, let B be a σ-algebra on T and ν be a σ-finite and strictly positive measure
on B such that B is ν-complete and τ ⊂ B. If k is a weakly τ -continuous kernel on
T , we then obtain τ (H) ⊂ τ ⊂ B, where H is the RKHS of k. Consequently, if H
is compactly embedded into L2 (ν), and, for some 0 < β ≤ 1, we have (20), then
the assumptions of Theorem 2.7 are satisfied, and hence kTβ is defined and bounded.
Moreover, we have τ (HTβ ) = τ (H) ⊂ τ , that is, kTβ is weakly τ -continuous. In other
words, modulo the technical assumptions of Theorem 2.7, the embedding (20) ensures
that kTβ is defined and inherits the weak continuity from k.
Many of our results are formulated in terms of the eigenvalues (µi )i∈I , but determining these eigenvalues in a specific situation is often a very difficult task. For many
results, we need, however, only the asymptotic behavior of the eigenvalues. It is wellknown, see e.g. [7, 12], that this behavior can often be determined by entropy numbers.
Our next goal is to make this statement precise. To this end, recall that the i-th (dyadic)
entropy number of a compact, linear operator T : E → F between Banach spaces E
and F is defined by

εi (T ) := inf ε > 0 : ∃ y1 , . . . , y2i−1 ∈ F such that T BE ⊂

i−1
2[


(yj + εBF ) .

j=1

Note that in the literature these numbers are usually denoted by ei (T ), instead. Since
this in conflict with our notation for eigenvectors, we departed from this convention.
For an introduction to these numbers we refer to the above mentioned books [7, 12].
Now the following result compares the eigenvalues (µi )i∈I with the entropy numbers of Ik . Note that the latter are often known, see (24) below for an example.
Lemma 2.8. Let Assumption K be satisfied. Then, for all i ∈ I, we have
µi ≤ 4ε2i (Ik ) .

(21)

Moreover, for all β > 0, there exists a constant cβ > 0 such that
∞
X

ε2β
i (Ik ) ≤ cβ

i=1

In particular, for all β > 0 we have

X

µβi

(22)

i∈I

P

i∈I

µβi < ∞ if and only if

P∞

2β
i=1 εi (Ik )

< ∞.

Finally, to describe some some higher order smoothness properties of functions,
we fix a non-empty open and bounded T ⊂ Rd that satisfies the strong local Lipschitz
condition of [1, p. 83]. Note that the strong local Lipschitz condition is satisfied for
e.g. the interior of [0, 1]d or open Euclidean balls. We write L2 (T ) for the L2 -space
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with respect to the Lebesgue measure on T . For m ∈ N0 and p ∈ [1, ∞] we denote the
Sobolev space of smoothness m by W m,p (T ), that is

W m,p (T ) := f ∈ Lp (T ) : D(α) exists and D(α) f ∈ Lp (T ) for all α ∈ Nd0 with |α| ≤ m ,
where, as usual, D(α) f denotes the weak α-partial derivative of f . For notational simplicity, we further write W m (T ) := W m,2 (T ). Recall Sobolev’s embedding theorem,
see e.g. [1, Theorem 4.12], which ensures W m (T ) ,→ C(T ) for all m > d/2, where
C(T ) denotes the space of continuous functions defined on the closure T of T . For
such m we can thus view W m (T ) as an RKHS on T . Following tradition, we will,
however, not notationally distinguish between the cases in which W m (T ) is viewed
as a space of equivalence classes or as a space of functions, since the meaning of the
symbol W m (T ) will always be clear from the context.
We further need fractional versions of Sobolev spaces and generalizations of them.
To this end recall from [1, p. 230] that the Besov spaces of smoothness s > 0 are given
by


s
Bp,q
(T ) := Lp (T ), W m,p (T ) s/m,q ,
(23)
where m > s is an arbitrary natural number and p, q ∈ [1, ∞].
s
Recall that for s > d/2, we again have a continuous embedding B2,2
(T ) ,→ C(T ),
m
m
see [1, Theorem 7.37]. Moreover, we have B2,2 (T ) = W (T ) for all integers m ≥ 1,
see [1, p. 230], and for this reason we often use the notation W s (T ) := W s,2 (T ) :=
s
B2,2
(T ) for all s > 0. Note that with this notation, the equality in (23) with p = q = 2
actually holds for all m > s by the reiteration property of the real interpolation method,
see again [1, p. 230]. Finally, for 0 < s < 1 and p ∈ [1, ∞], we have by [37, Lemma
36.1 and p. 170]
n
o
s
Bp,p
(T ) = f ∈ Lp (T ) : kf kT,s,p < ∞ ,
where
kf kpT,s,p :=

Z Z
T

T

|f (r) − f (t)|p
dr dt
|r − t|d+sp

s
with the usual modification for p = ∞. Similarly, if s > 1 is not an integer, Bp,p
(T )
equals the fractional Sobolev-Slobodeckij spaces, i.e. we have

s
bsc
Bp,p
(T ) = f ∈ Wp,p
: kD(α) f kT,s,p < ∞ for all α ∈ Nd0 with |α| = bsc .
s
We refer to [37, p. 156] and [9] for details. In particular, B∞,∞
(T ) is the space of
s-Hölder continuous functions for all 0 < s < 1.
Let us finally recall some entropy estimates related to fractional Sobolev spaces.
To this end, let T ⊂ Rd be a bounded subset that satisfies the strong local Lipschitz
condition and T = int T , where int A denotes the interior of A. Then [12, p. 151]
shows that, for all s > d/2, there exist constants c1 and c2 such that

c1 i−s/d ≤ εi id : W s (T ) → L2 (T ) ≤ c2 i−s/d
(24)
s
for all i ≥ 1, where we used the notation W s (T ) = B2,2
(T ) introduced above.
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3

Karhunen-Loève Expansions For Generic Processes

The goal of this section is to establish a Karhunen-Loève expansion that does not require the usual assumptions such as compact index sets T or continuous kernels k. To
this end, we first show that under very generic assumptions the covariance function of
a centered, second-order process satisfies Assumption K, so that the theory developed
in Section 2 is applicable. We then repeat the classical Karhunen-Loève approach and
combine it with some aspects from Section 2.
In the following, let (Ω, A, P ) be a probability space and (T, B, ν) be a σ-finite
measure space. Given a stochastic process (Xt )t∈T on Ω, we denote the path t 7→
Xt (ω) of a given ω ∈ Ω by X(ω). Moreover, we call the process (A ⊗ B)-measurable,
if the map X : Ω × T → R defined by (ω, t) 7→ Xt (ω) is measurable. In this case,
each path is obviously B-measurable.
Let us assume that X is centered, second-order, that is Xt ∈ L2 (P ) and EP Xt = 0
for all t ∈ T . Then the covariance function k : T × T → R is given by
k(s, t) := EP Xs Xt ,

s, t ∈ T .

It is well-known, see e.g. [4, p. 57], that the covariance function is symmetric and
positive semi-definite, and thus a kernel by the Moore-Aronszajn theorem, see e.g. [35,
Theorem 4.16].
Let us now additionally assume that ν is suitably chosen in the sense of X ∈
L2 (P ⊗ ν). For P -almost all ω ∈ Ω, we then have X(ω) ∈ L2 (ν). For such X, the
following lemma collects some additional properties of the covariance function.
Lemma 3.1. Let (Ω, A, P ) be a probability space and (T, B, ν) be a σ-finite measure
space. In addition, let (Xt )t∈T ⊂ L2 (P ) be a centered and (A ⊗ B)-measurable
stochastic process such that X ∈ L2 (P ⊗ ν). Then its covariance function k : T ×
T → R is measurable and we have
Z
k(t, t) dν(t) < ∞ .
T

Consequently, the RKHS H of k is compactly embedded into L2 (ν) and the corresponding integral operator Tk : L2 (ν) → L2 (ν) is nuclear.
The lemma above in particular shows that for a stochastic process X ∈ L2 (P ⊗ ν)
the RKHS H of its covariance function k is compactly embedded into L2 (ν). Consequently, Theorem 2.1 applies. Thus, let us assume that we have fixed families
(ei )i∈I ⊂ H and (µi )i∈I that satisfy the assertions of Theorem 2.1. For i ∈ I we
then define Zi : Ω → R by
Z
Zi (ω) :=
Xt (ω)ei (t) dν(t)
(25)
T

for all ω ∈ Ω \ N , where N ⊂ Ω is a measurable subset satisfying with P (N ) = 0 and
X(ω) ∈ L2 (ν) for all ω ∈ Ω \ N . For ω ∈ N we further write Zi (ω) := 0. Clearly,
each Zi is measurable and Zi (ω) = h[X(ω)]∼ , [ei ]∼ iL2 (ν) for P -almost all ω ∈ Ω.
Having finished these preparations we can now formulate our assumptions on the
process X that will be used throughout the rest of this work.
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Assumption X. Let (Ω, A, P ) be a probability space and (T, B, ν) be a σ-finite measure space. In addition, let (Xt )t∈T ⊂ L2 (P ) be a centered and (A ⊗ B)-measurable
stochastic process such that X ∈ L2 (P ⊗ ν). Moreover, let k be its covariance function and H be the RKHS of k. Finally, let (ei )i∈I ⊂ H and (µi )i∈I be as in Theorem
2.1 and (Zi )i∈I be defined by (25).
The following lemma, which is somewhat folklore, shows that for processes satisfying Assumption X an expansion of the form (1) can be obtained if we replace
√
−1/2
Zi . The proof of this lemma does not deviate much from
ξi := Ψ−1 ( µi ei ) by µi
the one needed for the classical Karhunen-Loève expansion, but since the traditional
assumptions for this expansion are more restricted and the lemma itself is the very
foundation of our following results we have included it for the sake of completeness.
Lemma 3.2. Let Assumption X be satisfied. Then, for all i, j ∈ I and t ∈ T , we have
Zi ∈ L2 (P ) with EP Zi = 0 and
EP Zi Zj = µi δi,j ,

(26)

EP Zi Xt = µi ei (t) .

(27)

Moreover, for all finite J ⊂ I and all t ∈ T we have
Xt −

X
j∈J

2

Zj ej (t)

L2 (P )

= k(t, t) −

X

µj e2j (t) ,

(28)

j∈J

and, for a fixed t ∈ T , the following statements are equivalent:
i) With convergence in L2 (P ) we have
[Xt ]∼ =

X

[Zi ]∼ ei (t) .

(29)

i∈I

ii) We have
k(t, t) =

X

µi e2i (t) .

(30)

i∈I

Moreover, if, for some t ∈ T , we have (29), then the convergence in (29) is necessarily
unconditional in L2 (P ) by (28). Finally, there exists a measurable N ⊂ Ω such that
for all ω ∈ Ω \ N we have
L2 (ν)

[X(ω)]∼ ∈ (ker Tk )⊥ = span{[ei ]∼ : i ∈ I}

.

(31)

Recall that for continuous kernels k over compact metric spaces T and strictly
positive measures ν, Equation (30) is guaranteed by the classical theorem of Mercer for
all t ∈ T .. Moreover, since the convergence in (30) is also monotone and t 7→ k(t, t)
is continuous, Dini’s theorem shows in this case, that the convergence in (30), and by
(28) also in (29), is uniform in t. In the general case, however, (30) may no longer be
true. Indeed, the following proposition characterizes when (30) holds. In addition, it
shows that for separable H Equation (29) holds at least ν-almost everywhere.
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Proposition 3.3. Let Assumption X be satisfied. Then the following statements are
equivalent:
√
i) The family ( µi ei )i∈I is an ONB of H.
ii) The operator Ik : H → L2 (ν) is injective.
iii) For all t ∈ T we have (29).
Moreover, if H is separable, there exists a measurable N ⊂ T with ν(N ) = 0 such
that (29) holds with unconditional convergence in L2 (P ) for all t ∈ T \ N .
Note that for k-positive measures ν the injectivity of Ik : H → L2 (ν) is automatically satisfied by Lemma 2.6, and thus we have (29) for all t ∈ T . Moreover note that
the injectivity of Ik must not be confound with the injectivity of Tk . Indeed, the latter
is equivalent to Ik : H → L2 (ν) having a dense image, see (7) and (11). Moreover,
the injectivity of Tk is also equivalent to (|ei ]∼ )i∈I being an ONB of L2 (ν), see (9).
Due to the particular version of convergence in (29), Proposition 3.3 is useful for
approximating the distribution of Xt at some given time t, but useless for approximating the paths of the process X. This is addressed by the following result, which is the
generic version of (2) and as such the first new result of this section.
Proposition 3.4. Let Assumption X be satisfied. Then there exists a measurable N ⊂ Ω
with P (N ) = 0 such that for all ω ∈ Ω \ N we have
X
[X(ω)]∼ =
Zi (ω)[ei ]∼ ,
(32)
i∈I

where the convergence is unconditionally in L2 (ν). Moreover, for all J ⊂ I, we have
Z
X
X
2
[X(ω)]∼ −
Zj (ω)[ej ]∼
dP (ω) =
µi .
(33)
Ω

L2 (ν)

j∈J

i∈I\J

In particular, with unconditional convergence in L2 (P ⊗ ν), it holds
X
[X]∼ =
[Zi ]∼ [ei ]∼ .
i∈I

P Equation (32) shows that almost every path can be approximated using partial sums
j∈J Zj [ej ]∼ while (33) exactly specifies the average speed of convergence for such
an approximation. In particular, (33) shows that any meaningful speed of convergence
requires stronger summability assumptions on the sequence (µi )i∈I of eigenvalues.
Corollary 3.5. Let Assumption X be satisfied and Ψ : L2 (X) → H be the Loève
isometry, where

L2 (P )
L2 (X) := span [Xt ]∼ : t ∈ T
denotes the Cameron-Martin space. Then, for all i ∈ I, we have
√
[Zi ]∼ = µi Ψ−1 (ei ) ,
−1/2

and the family (µi
[Zi ]∼ )i∈I is an ONS of L2 (X). Moreover, it is an ONB, if and
√
only if ( µi ei )i∈I is an ONB of H.
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Let us finally consider the case of Gaussian processes. To this end, let us recall
that a process (Xt )t∈T is called Gaussian,
if, for all n ≥ 1, a1 , . . . , an ∈ R, and
Pn
t1 , . . . , tn ∈ T , the random variable i=1 ai Xti has a normal distribution.
The following lemma shows that for Gaussian processes, the Zi ’s are independent,
normally distributed random variables.
Lemma 3.6. Let (Xt )t∈T be a Gaussian process for which Assumption X is satisfied.
Then the random variables ([Zi ]∼ )i∈I are independent and for all i ∈ I, we have
Zi ∼ N (0, µi ).
Our final result in this section in particular shows that essentially all reasonable
sequences of coefficient variables (Zi )i∈I can occur in the class of processes satisfying
Assumption X.
P
Lemma 3.7. Let Assumption K be satisfied with i∈I µi < ∞, (Ω, A, P ) be a probability space, and (Zi )i∈I ⊂ L2 (P ) be a sequence of centered random variables such
that
EP Zi Zj = µi δi,j
for all i, j ∈ I. For t ∈ T , we define
Xt :=

X

Zi ei (t) ,

(34)

i∈I

where the series convergences unconditionally in L2 (P ). Then (Xt )t∈T ⊂ L2 (P ) is a
centered, (A ⊗ B)-measurable process with X ∈ L2 (P ⊗ ν) and covariance function
kT1 . Moreover, the Zi satisfy (25), i.e. we have Zi (ω) = h[X(ω)]∼ , [ei ]∼ iL2 (ν) for
P -almost all ω ∈ Ω and all i ∈ I.

4

Sample Paths Contained in Interpolation Spaces

In this section we first characterize when the paths of the process are not only contained
in L2 (ν) but actually in an interpolation spaces between L2 (ν) and H. In particular,
it turns out that stronger summability assumptions on the sequence (µi )i∈I imply such
path behavior, and in this case the average approximation error speed of the KarhunenLoève expansion measured in the interpolation space can be exactly described by the
behavior of (µi )i∈I . Moreover, we will see that for Gaussian processes, the summability assumption is actually equivalent to the path behavior. Finally, we apply the developed theory to processes whose RKHS are contained in fractional Sobolev spaces.
Let us begin with the following theorem, which characterizes when a single path is
contained in a suitable interpolation space.
Theorem 4.1. Let Assumption X be satisfied, β ∈ (0, 1), and N ⊂ Ω be the measurable P -zero set we obtain from Proposition 3.4. Then for all ω ∈ Ω \ N and all finite
J ⊂ I we have
X
X β−1
2
Zj (ω)[ej ]∼
=
µj Zj2 (ω) .
(35)
1−β
j∈J

[H]∼

j∈J

Moreover, for each ω ∈ Ω \ N , the following statements are equivalent:
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i) We have

P

i∈I

µβ−1
Zi2 (ω) < ∞.
i

ii) We have [X(ω)]∼ ∈ [H]1−β
∼ .
iii) We have [X(ω)]∼ ∈ [L2 (ν), [H]∼ ]1−β,2 .
Moreover, if one and thus all statements are true for a fixed ω ∈ Ω \ N , then (35) holds
for all J ⊂ I, and the convergence in (32) is actually unconditional in the interpolation
space [L2 (ν), [H]∼ ]1−β,2 .
By Theorem 4.1 we immediately see that almost all paths of the process X are
contained in the space [L2 (ν), [H]∼ ]1−β,2 , if and only if
X β−1
µi Zi2 (ω) < ∞
(36)
i∈I

for P -almost all ω ∈ Ω. Moreover, in this case the convergence in (32) is P almost surely unconditional in the space [L2 (ν), [H]∼ ]1−β,2 . Note that in the case
of [L2 (ν), [H]∼ ]1−β,2 ,→ L∞ (ν) the latter convergence implies L∞ (ν)-convergence
of the Karhunen-Loève Expansion in (32) for P -almost all ω ∈ Ω. In Corollary 5.5,
where we will consider this embedding situation again, we will see that significantly
more can be said.
To further illustrate Theorem 4.1, let us fix an ω ∈ Ω for which [X(ω)]∼ ∈ [H]1−β
∼
and
and (32) hold. Then, for all α ∈ [β, 1], we have both [X(ω)]∼ ∈ [H]1−α
∼
X
X (α−1)/2
 (1−α)/2 
[X(ω)]∼ =
Zi (ω)[ei ]∼ =
µi
Zi (ω) µi
ei ∼ .
i∈I
(1−α)/2

Moreover, ([µi
m ∈ I, the sum

i∈I

ei ]∼ )i∈I is an ONB of [H]1−α
∼ , and thus we see that, for each
m
X

Zj (ω)[ej ]∼

j=1

for all α ∈ [β, 1] simultaneously.
is the best approximation of [X(ω)]∼ in [H]1−α
∼
Integrating (36) with respect
to
P
and
using
(26) it is not hard to see that (36) is
P
P -almost surely satisfied, if i∈I µβi < ∞. The following theorem characterizes this
summability in terms of the path behavior of the process.
Theorem 4.2. Let Assumption X be satisfied. Then, for 0 < β < 1, the following
statements are equivalent:
P
i) We have i∈I µβi < ∞.
ii) There exists an N ∈ A with P (N ) = 0 such that [X(ω)]∼ ∈ [L2 (ν), [H]∼ ]1−β,2
holds for all ω ∈ Ω \ N . Furthermore, Ω \ N → [L2 (ν), [H]∼ ]1−β,2 defined by
ω 7→ [X(ω)]∼ is Borel measurable and we have
Z
2
[X(ω)]∼
dP (ω) < ∞ .
Ω

[L2 (ν),[H]∼ ]1−β,2
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Moreover, there exist constants C1 , C2 > 0 such that, for all J ⊂ I, we have
X
X β
X β Z
2
[X(ω)]∼ −
Zj (ω)[ej ]∼
dP (ω) ≤ C2
C1
µi ≤
µi .
i∈I\J

Ω

[L2 (ν),[H]∼ ]1−β,2

j∈J

i∈I\J

P
In general, almost sure finiteness in (36) is, of course, not equivalent to i∈I µβi <
∞, since by (26) this summability describes P -integrability of the random variable
in (36). For Gaussian processes, however, we will see below that both conditions are
in fact equivalent. The following lemma, which basically shows the equivalence of
both notions under a martingale condition on (Zi2 )i∈I , is the key observation in this
direction.
Lemma 4.3. Let Assumption X be satisfied with I = N. In addition, assume that, for
all i ≥ 1, we have Zi ∈ L4 (P ) and
2
EP (Zi+1
|Fi ) = µi+1 ,

(37)

where Fi := σ(Z12 , . . . , Zi2 ). Finally, assume that there exist constants c > 0 and
α ∈ (0, 1) such that
Var Zi2 ≤ cµ2−α
(38)
i
for all i ≥ 1. Then, for all β ∈ (α, 1), the following statements are equivalent:
P
i) We have i∈I µβi < ∞.
ii) There exists an N ∈ A with P (N ) = 0 such that (36) holds for all ω ∈ Ω \ N .
Combining the lemma above with Lemma 3.6 we now obtain the announced equivalence for Gaussian processes. It further shows that either almost all or almost no paths
are contained in the considered interpolation space.
Corollary 4.4. Let (Xt )t∈T be a Gaussian process for which Assumption X is satisfied.
Then, for 0 < β < 1, the following statements are equivalent:
P
i) We have i∈I µβi < ∞.
ii) There exists an N ∈ A with P (N ) = 0 such that (36) holds for all ω ∈ Ω \ N .
iii) There exists an A ∈ A with P (A) > 0 such that [X(ω)]∼ ∈ [L2 (ν), [H]∼ ]1−β,2
holds for all ω ∈ A.
Moreover, all three statements are equivalent to the part ii) of Theorem 4.2.
So far, the developed theory is rather abstract. Our final goal in this section is to
illustrate how our result can be used to investigate path properties of certain families
of processes. These considerations will be based on the following corollary, which,
roughly speaking, shows that the sample paths of a process are about d/2-less smooth
than the functions in its RKHS.
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Corollary 4.5. Let T ⊂ Rd be a bounded subset that satisfies the strong local Lipschitz
condition and T = int T . Moreover, let ν be the Lebesgue measure on T and (Xt )t∈T
be a stochastic process satisfying Assumption X. Assume that H ,→ W m (T ) for some
m > d/2. Then, for all s ∈ (0, m − d/2), we have
s
[X(ω)]∼ ∈ B2,2
(T )

(39)

for P -almost all ω ∈ Ω. Moreover, there exists a constant C > 0 such that, for all
J ⊂ I, we have
Z
X 1−s/m
X
2
dP (ω) ≤ C
µi
,
[X(ω)]∼ −
Zj (ω)[ej ]∼ s
B2,2 (T )

j∈J

Ω

i∈I\J

and if H = W m (T ), there exist constants C1 , C2 > 0 such that for all i ∈ I we have
C1 i−

2(m−s)
+1
d

Z
≤

[X(ω)]∼ −
Ω

i
X

2

Zj (ω)[ej ]∼

j=1

s (T )
B2,2

dP (ω) ≤ C2 i−

2(m−s)
+1
d

.

Finally, if (Xt )t∈T is a Gaussian process with H = W m (T ), then the results are sharp
in the sense that (39) does not hold with strictly positive probability for s := m − d/2.
Note that for Gaussian processes with H = W m (T ), Corollaries 4.5 and 4.4 show
that (39) holds with some positive probability, if and only if, it holds with probability
one, and the latter is also equivalent to m > s + d/2.
For general processes with H = W m (T ) the smoothness exponent s is also sharp
in the sense that (39) does not hold for s := m−d/2 and P -almost all ω ∈ Ω, provided
d
that the process satisfies the assumptions of Lemma 4.3 for some α ∈ (0, 2m
). The
proof of this generalization is an almost literal copy of the proof of Corollary 4.5, and
thus we decided to omit it.
s
Corollary 4.5 provides analytic properties of the sample paths in terms of B2,2
(T ),
m
whenever H ,→ W (T ) is known. For weakly stationary processes the same result
has been recently shown in [32, Theorem 3 and Remark 1] by different techniques.
Fortunately, an inclusion of the form H ,→ W m (T ) is known for many classes
of processes, or kernels, respectively. The following, by no means complete, list of
examples illustrate this.
We begin with a class of processes which include Lévy processes.
Example 4.6. Let (Xt )t∈T be a stochastic process satisfying Assumption X for T =
[0, t0 ] and the Lebesgue measure ν on T . Furthermore, assume that the kernel is given
by
k(s, t) = σ 2 · min{s, t} ,
s, t ∈ [0, t0 ],
where σ > 0 is some constant. It is well-known, see e.g. [16, Example 8.19], that
the RKHS of this kernel is continuously embedded into W 1 (T ). Consequently, for all
s ∈ (0, 1/2), we have
s
[X(ω)]∼ ∈ B2,2
(T )
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for P -almost all ω ∈ Ω. Note that the considered class of processes include Lévy
processes, and for these processes, it has been shown in [15] by different means that
s
their paths are also contained in Bp,∞
(T ) for all s ∈ (0, 1/2) and p > 2 with sp < 1.
Interestingly, this is is equivalent to our result above.
Indeed, if we fix a pair of s and p satisfying the assumptions of [15], we have s0 :=
s−1/p+1/2 < 1/2. For ε > 0 with s0 +ε < 1/2 we then obtain s0 +ε−1/2 > s−1/p
s0 +ε
s
and s0 + ε > s and thus B2,2
(T ) ,→ Bp,∞
(T ) by [30, p. 82]. Consequently, our
result implies that of [15]. Conversely, if we fix an s < 1/2, there is an ε > 0 with
s + 2ε < 1/2, and for s0 := s + ε and p0 := (s + 2ε)−1 , we have s0 > s and
s
s0 − 1/p0 > s − 1/2, so that Bps00 ,∞ (T ) ,→ B2,2
(T ) by [30, p. 82]. Since we also have
s0 < 1/2, p0 > 2 and s0 p0 < 1, we then see that the result of [15] implies ours.
Finally, for the Brownian motion, it is well-known that there exists a version whose
s
sample paths are contained in B∞,∞
(T ) for all s ∈ (0, 1/2), and finer results can be
found in [29].
The following example includes the Ornstein-Uhlenbeck processes. Note that although the kernel in this example look quite different to the one of Example 4.6 the
results on the smoothness properties of the paths are identical.
Example 4.7. Let (Xt )t∈T be a stochastic process satisfying Assumption X for T =
[0, t0 ] and the Lebesgue measure ν on T . Furthermore, assume that the kernel is given
by
0
k(t, t0 ) = ae−σ|t−t | ,
t, t0 ∈ [0, t0 ],
where a, σ > 0 are some constants. It is well-known, see e.g. [4, p. 316] and [24,
Example 5C], that the RKHS of this kernel equals W 1 (T ) up to equivalent norms.
Consequently, for all s ∈ (0, 1/2), we have
s
[X(ω)]∼ ∈ B2,2
(T )

(40)

for P -almost all ω ∈ Ω. Note that the considered class of processes include a specific
form of the Ornstein-Uhlenbeck process, see [16, Example 8.4].
0
By subtracting the one-dimensional C ∞ -kernel (t, t0 ) 7→ ae−σ(t+t ) from k, we see
that (40) also holds for processes having the kernel
0

0

k̃(t, t0 ) = ae−σ|t−t | − ae−σ(t+t ) ,

t, t0 ∈ [0, t0 ].

Recall that the classical Ornstein-Uhlenbeck processes belong to this class of processes.
The following example considers processes on higher dimensional domains with
potentially smoother sample paths. It is in particular interesting for certain statistical
methods, see [34, 28, 27, 40, 13, 39, 33], since the considered family of covariance
functions allows for a high flexibility in these methods. Moreover, note that for d = 1
and α = 1/2 the previous example is recovered.
Example 4.8. Let T ⊂ Rd be an open and bounded subset satisfying the strong local
Lipschitz condition and ν be the Lebesgue measure on T . Furthermore, let (Xt )t∈T be
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a stochastic process satisfying Assumption X. Assume that its covariance is a Matérn
kernel of order α > 0, that is
α

k(s, t) = a σks − tk2 Hα σks − tk2 ,
s, t ∈ T,
where a, σ > 0 are some constants and Hα denotes the modified Bessel function of the
second type of order α. Then up to equivalent norms the RKHS Hα,σ (T ) of this kernel
α+d/2
is B2,2 (T ), see [41, Corollary 10.13] together with [31, Theorem 5.3], as well as
[6] for a generalization. Consequently, for all s ∈ (0, α), we have
s
[X(ω)]∼ ∈ B2,2
(T )

for P -almost all ω ∈ Ω.
For d = 1 and α = k + r with k ∈ N and r ∈ (1/2, 1], it was shown in [8], cf. also
[14], that there exists a version of the process with k-times continuously differentiable
paths. Our result improves this. Indeed, for d and α as above, we clearly find an s ∈
s
(0, α) with s − k > 1/2 and since, for this s, we have B2,2
(T ) ,→ C k (T ), see e.g. [38,
Theorem 8.4], we see that P -almost all paths X(ω) equal ν-almost everywhere a ktimes continuously differentiable function. We will show in the next section that there
s
actually exist a version (Yt )t∈T of the process with Y (ω) ∈ B2,2
(T ) almost surely, so
that our result does improve the above mentioned classical result in [8].

5

Sample Paths Contained in RKHSs

So far we have seen that, under some summability assumptions, the ν-equivalence
classes of the process are contained in a suitable interpolation space. Now recall from
Section 2 that these interpolation spaces can sometimes be viewed as RKHSs, too.
The goal of this section is to present conditions under which a suitable version of
the process has actually its paths in this RKHS. In particular, we will see that under
stronger summability conditions on the eigenvalues such a path behavior occurs, in a
certain sense, automatically.
Let us begin by fixing the following set of assumptions, which in particular ensure
that kS1−β can be constructed.
Assumption KS. Let Assumption K be satisfied. Moreover, let 0 < β < 1 and S ⊂ T
be a measurable set with ν(T \ S) = 0 such that, for all t ∈ S, we have
X
µi e2i (t) = k(t, t)
(41)
i∈I

X

µ1−β
e2i (t) < ∞ .
i

(42)

i∈I

Note that if H is separable, we can always find a set S of full measure ν for which
(41) holds, see [36, Corollary 3.2]. For such H, Assumption KS thus
P reduces to assuming that we can construct kS1−β , and the latter is possible, if, e.g. i∈I µ1−β
< ∞, see
i
(18). Moreover, recall from Lemma 2.6 that (41) holds for S = T if Assumption CK
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is satisfied, and if, in addition, we have [L2 (ν), [H]∼ ]1−β,2 ,→ L∞ (ν), then Theorem
2.7 shows that (42) also holds for S = T .
Our first result characterizes when a suitable version of our process (Xt )t∈T has its
paths in the corresponding RKHS HS1−β .
Theorem 5.1. Let Assumptions X and KS be satisfied. Then the following statements
are equivalent:
i) There exists a measurable N ⊂ Ω with P (N ) = 0 such that for all ω ∈ Ω \ N
we have
X β−1
(43)
µi Zi2 (ω) < ∞ .
i∈I

ii) There exists a (A ⊗ B)-measurable version (Yt )t∈T of (Xt )t∈T such that, for
P -almost all ω ∈ Ω, we have
Y (ω)|S ∈ HS1−β .

(44)

Moreover, if one and thus both statements are true, we have for P -almost all ω ∈ Ω
X
Y (ω)|S =
Zi (ω)(ei )|S ,
(45)
i∈I

where the convergence is unconditional in HS1−β .
If (43) is P -almost surely satisfied then Theorem 5.1 strengthens Theorem 4.1 in the
is replaced by Y (ω)|S ∈ HS1−β . Moreover, unlike (35),
sense that [X(ω)]∼ ∈ [H]1−β
∼
which only gives [H]1−β
∼ -convergence of the Karhunen-Loève Expansion in (32), the
expansion (45) converges in HS1−β , which in particular implies pointwise convergence
at all t ∈ S.
We already know that the Fourier coefficient condition (43) can be ensured by a
summability condition on the eigenvalues. Like in Theorem 4.2, this summability can
be characterized by the path behavior of the version (Yt )t∈T as the following theorem
shows.
Theorem 5.2. Let Assumptions X and KS be satisfied. Then the following statements
are equivalent:
P
i) We have i∈I µβi < ∞.
ii) We have kS1  kS1−β .
iii) There exists a (A ⊗ B)-measurable version (Yt )t∈T of (Xt )t∈T such that, for
P -almost all ω ∈ Ω, we have Y (ω)|S ∈ HS1−β , and
Z
kY (ω)|S k2H 1−β dP (ω) < ∞ .
(46)
S

Ω
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Let us compare the previous two theorems in the case of S = T with the results
of Lukić and Beder in [22]. Their Theorem 5.1 shows that kT1  kT1−β implies (44),
and, their Corollary 3.2 conversely shows that (46) implies kT1  kT1−β . Clearly, the
difference between these two implications is exactly the difference between (46) and
(44), and this difference is exactly described by Theorems 5.1 and 5.2. While in this
sense, the latter two theorems completely clarify the situation for the space HT1−β , it
seems fair to say that the less exact results in [22] are more general as arbitrary RKHS
H̄ satisfying H ,→ H̄ are considered.
The following corollary, which considers the case of Gaussian processes, basically
recovers the findings of [22, Section 7]. We mainly state it here for the sake of completeness.
Corollary 5.3. Let (Xt )t∈T be a Gaussian process for which Assumptions X and KS
are satisfied. Then the following statements are equivalent:
P
i) We have i∈I µβi < ∞.
ii) We have kS1  kS1−β .
iii) There exists a (A ⊗ B)-measurable version (Yt )t∈T of (Xt )t∈T such that, for
P -almost all ω ∈ Ω, we have
Y (ω)|S ∈ HS1−β .
iv) There exists a (A ⊗ B)-measurable version (Yt )t∈T of (Xt )t∈T and an A ∈ A
with P (A) > 0 such that, for all ω ∈ A, we have
Y (ω)|S ∈ HS1−β .
For general processes satisfying the assumptions made in Lemma 4.3 for some
α ∈ (0, 1), the equivalences i) ⇔ ii) ⇔ iii) of Corollary 5.3 also hold for all β ∈
(α, 1). Indeed, the implication iii) ⇒ i) can be shown by Lemma 4.3, and the remaining
implications actually do not require the Gaussian assumption at all.
If we wish to find an RKHS H̄ that contains the paths of a suitable version of the
process by the results presented so far, we need to know the eigenvalues and eigenfunctions as well as the interpolation spaces exactly. However, obtaining the exact
eigenvalues and -functions of Tk is often a very difficult, if not impossible, task, and
the interpolation spaces may not be readily available, either. The following two corollaries address this issue by presenting a sufficient condition for the existence of such
an RKHS H̄.
Corollary 5.4. Let Assumption X be satisfied, H be separable, and H̄ be an RKHS
on T with kernel k̄ such that H ,→ H̄. Let us further assume that H̄ is compactly
embedded into L2 (ν) and that
∞
X

εα
i (Ik̄ ) < ∞

(47)

i=1

for some α ∈ (0, 1]. Then, for all β ∈ [α/2, 1 − α/2], there exists a measurable S ⊂ T
with ν(T \ S) = 0 such that the following statements are true:
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i) Both HS1−β and H̄S1−β exist, and we have HS1−β ,→ H̄S1−β .
ii) There exists a (A ⊗ B)-measurable version (Yt )t∈T of (Xt )t∈T such that
Y (ω)|S ∈ HS1−β for P -almost all ω ∈ Ω, and (46) holds.
Corollary 5.4 shows that in order to construct an RKHS containing paths on a set
S of full measure ν we do not necessarily need to know the eigenvalues and -functions
exactly. Instead, it suffices to have an RKHS H̄ with H ,→ H̄ for which we know both,
entropy number estimates of the map Ik̄ and the interpolation spaces of H̄ with L2 (ν).
Namely, if (47) is satisfied, then the version (Yt )t∈T obtained by Corollary 5.4 satisfies
Y (ω)|S ∈ H̄S1−β for P -almost all ω ∈ Ω and combining this with HS1−β ,→ H̄S1−β
we see that we have H̄S1−β -convergence in (45). Similarly to Corollary 4.5 it is further
possible to upper bound the average speed of H̄S1−β -convergence in (45) with the help
of the entropy numbers of Ik̄ . We omit the details for the sake of brevity.
Moreover, Y (ω)|S ∈ HS1−β ⊂ H̄S1−β for P -almost all ω ∈ Ω shows that P -almost
all paths also enjoy a representation of the form
X
Y (ω)|S =
Z̄j (ω)ēj ,
j∈J

where the convergence is unconditional in H̄S1−β , (ēj )j∈J is the family obtained by
Theorem 2.1 for the operator Tk̄S1 and (Z̄j )j∈J is a suitable family of random variables
P
such that j∈J µ̄β−1
Z̄j2 (ω) < ∞ for P -almost all ω ∈ Ω. Following the logic above,
j
this representation may be easier at hand than the standard Karhunen-Loève expansion,
but its deeper investigation is beyond the scope of this paper.
The following corollary provides a result in the same spirit for the case S = T .
In particular, it provides two sufficient conditions under which there exists an RKHS
containing almost all paths of a suitable version. This answers a question raised in [21].
Corollary 5.5. Let Assumption X be satisfied, H be separable, and H̄ be an RKHS on
T with kernel k̄ such that both H ,→ H̄ and H̄ is compactly embedded into L2 (ν).
Furthermore, assume that (T, B, ν) and k̄ satisfy Assumption CK, and that, for some
β ∈ (0, 1/2], one of following assumptions are satisfied:
i) The eigenfunctions (ēj )j∈J of Tk̄ are uniformly bounded, i.e. supj∈J kēj k∞ <
∞, and we have
∞
X
ε2β
i (Ik̄ ) < ∞, .
i=1

ii) We have [L2 (ν), [H̄]∼ ]1−β,2 ,→ L∞ (ν).
The the following statements hold:
i) The kernels kT1−β and k̄T1−β exist, are bounded, and we have HT1−β ,→ H̄T1−β .
ii) There exists a (A⊗B)-measurable version (Yt )t∈T of (Xt )t∈T such that Y (ω) ∈
HT1−β for all ω ∈ Ω, and (46) holds.
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iii) All paths of Y are bounded and τ (H)-continuous.
iv) For P -almost all ∈ Ω, the expansion (45) converges uniformly in t on S = T .
v) If there is a separable and metrizable topology τ on T such that τ (H) ⊂ τ and
almost all paths of X are τ -continuous, then X(ω) = Y (ω) for P -almost all
ω ∈ Ω. In particular, this holds if almost all paths of X are τ (H)-continuous
and τ (H) is Hausdorff.
Note that in the situation of part iv) of Corollary 5.5 the Karhunen-Loève Expansion in (32) converges in `∞ (T ) for P -almost all ω ∈ Ω. Moreover, note the
τ (H)-continuity of the paths obtained in iii) and iv) is potentially stronger than the
τ -continuity, where τ is a “natural” topology of T .
The last result of this section improves Corollary 4.5. Note that it directly applies
to the processes considered in Example 4.8.
Corollary 5.6. Let T ⊂ Rd be a bounded subset that satisfies the strong local Lipschitz
condition and T = int T . Moreover, let ν be the Lebesgue measure on T and (Xt )t∈T
be a stochastic process satisfying Assumption X. Assume that H ,→ W m (T ) for some
m > d. Then the following statements hold
i) For all s ∈ (d/2, m − d/2), there exists a (A ⊗ B)-measurable version such that,
for all ω ∈ Ω, we have
s
Y (ω) ∈ B2,2
(T ) .
(48)
Moreover, for P -almost all ω ∈ Ω we have with unconditional convergence in
s
B2,2
(T ):
X
Y (ω) =
Zi (ω)ei .
(49)
i∈I

ii) If (Xt )t∈T is a Gaussian process with H = W m (T ), then the results are sharp
in the sense that (48) does not hold with strictly positive probability for s :=
m − d/2.
By [1, Theorem 7.37], we immediately see that the convergence in (49) is uniform
in t. Moreover, if s > k + 1/2 for some k ∈ N, then the convergence is also in C k (T ),
see e.g. [38, Theorem 8.4].
Finally, like for Corollary 4.5, the sharpness result in ii) can be extended to a
broader class of processes. We refer to our remarks following Corollary 4.5.

6
6.1

Proofs
Proofs of Preliminary Results

Proof of Lemma 2.2: i). Let us pick an f ∈ ĤSβ . Then there exists a sequence
P
β/2
(ai ) ∈ `2 (I) such that f = i∈I ai µi 1S ei , where the convergence is in ĤSβ and
thus also pointwise. Consequently, we find
X
X
X
β/2
β/2
β/2
ai µi 1R 1S ei =
ai µi 1R ei .
1R f = 1R
ai µi 1S ei =
i∈I

i∈I

i∈I
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β
Now the assertion easily follows from the definitions of the spaces ĤSβ and ĤR
.
ii). Can be shown analogously to i).
ii). Again, this can be shown analogously to i).
iv). We obviously have [êi ]∼ = [ei ]∼ for all i ∈ I. Moreover, for (ai ) ∈ `2 (I) we
have
hX
i
X
β/2
β/2
ai µi êi =
ai µi [êi ]∼
∼

i∈I

i∈I

with convergence in L2 (ν) by the continuity of Ik̂β : ĤSβ → L2 (ν). Combining both
S

with the definition of the spaces ĤSβ and [H]β∼ yields the assertion.
For the proof of Lemma 2.3, we need to recall some basics on singular numbers.
To begin with, let us recall that for an arbitrary compact operator S : H1 → H2 acting
between two Hilbert spaces H1 and H2 , the i-th singular number, see e.g. [5, p. 242] is
defined by
p
(50)
si (S) := µi (S ∗ S) ,
where µi (S ∗ S) denotes the i-th non-zero eigenvalue of the compact, positive and selfadjoint operator S ∗ S. As usual, these eigenvalues are assumed to be ordered with
duplicates according to their geometric multiplicities. In addition, we extend the sequence of eigenvalues by zero, if we only have finitely many non-zero eigenvalues.
Now, for a compact, self-adjoint and positive T : H → H, this definition gives
p
p
si (T ) = µi (T ∗ T ) = µi (T 2 ) = µi (T ) ,
i ≥ 1,
(51)
where the last equality follows from the classical spectral theorem for such T , see
e.g. [17, Theorem V.2.10 on page 260] or [42, Satz VI.3.2]. For compact S : H1 → H2
and T := S ∗ S we thus find
s2i (S) = µi (S ∗ S) = µi (T ) = si (T )

(52)

for all i ≥ 1. Consequently, we have (si (S)) ∈ `2 if and only if (si (T )) ∈ `1 .
Moreover, T is nuclear, if and only if (si (T )) ∈ `1 , see e.g. [42, Satz VI.5.5] or [5,
p. 245ff], while S is Hilbert-Schmidt if and only if (si (S)) ∈ `2 , see e.g. [5, p. 250],
[26, Prop. 2.11.17], or [42, p. 246].
Proof of Lemma 2.3: We first observe that, for i ∈ I, we have
1/2

1/2

(1−β)/2 β/2
µi ei|S

·|S (µi ei ) = µi ei|S = µi
1/2

β/2

.

(53)

Since (µi ei )i∈I and (µi ei|S )i∈I are ONBs of HT1 and HSβ , respectively, we obtain
the following commutative diagram
·|S
- β
HT1
HS
6
Ψ1
Ψβ
?
`2

- `2
D
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where Ψi denote the isometric isomorphisms that map each Hilbert space element to
its sequence of Fourier coefficients with respect to the ONBs above, and D is the
(1−β)/2
diagonal operator with respect to the sequence (µi
)i∈I . Since the latter sequence
converges to zero, D is compact, and thus so is the restriction operator.
i) ⇔ ii). We first observe that (53) yields
√
·|S ( µi ei )

2
β
HS

= µ1−β
,
i

i ∈ I.

√
Since ( µi ei )i∈I is an ONB of HT1 , the equivalence i) ⇔ ii) immediately follows from
the fact, see e.g. [43, p. 243f], that ·|S : HT1 → HSβ is Hilbert-Schmidt, if and only if
X
√
k ·|S ( µi ei )k2Ĥ β < ∞ .
S

i∈I

i) ⇔ iii). The restriction operator admits the following natural factorization
·|S
HT1
@
·|S@
@
@
R
HS1

- β
HS

Ik1 ,kβ
S

S

where there restriction operator ·|S : HT1 → HS1 is an isometric isomorphism. Consequently, ·|S : HT1 → HSβ is Hilbert-Schmidt, if and only if Ik1 ,kβ is Hilbert-Schmidt.
S S
In view of the desired equivalence, it suffices to show that Ik1 ,kβ is Hilbert-Schmidt,
S S
if and only if Ik1 ,kβ ◦ Sk1 ,kβ is nuclear. However, since Sk1 ,kβ = Ik∗1 ,kβ , this equivaS

S

S

S

S

S

S

S

lence is a simple consequence of the remarks on singular numbers made in front of this
proof, if we consider the compact operator Ik1 ,kβ : HS1 → HSβ for S ∗ .
S

S

Lemma 6.1. Let (T, B) be a measure space and k be a kernel on T with RKHS H and
canonical feature map Φ : T → H. Then the following statements are true:
i) The topology τk is the smallest topology τ on T for which k is τ -continuous.
Moreover, we have

τk = τ Φ : T → (H, k · kH ) ,
where τ (Φ : T → (H, k · kH )) denotes the initial topology of Φ with respect to
the norm-topology on H.
ii) The topology τ (H) is the smallest topology τ on T for which Φ is continuous
with respect to the weak topology w on H, that is

τ (H) = τ Φ : T → (H, w) .
In particular, we have τ (H) ⊂ τk , and in general, the converse inclusion is not
even true for T = [0, 1].
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iii) If H is separable and k is bounded, then there exits a pseudo-metric on T that
generates τ (H) and τ (H) is separable. Moreover, we have τ (H) ⊂ σ(H).
iv) If τ (H) ⊂ B, then all f ∈ H are B-measurable.
Proof of Lemma 6.1: i). Both assertions are shown in [35, Lemma 4.29].
ii). Let ι : H → H 0 be the Fréchet-Riesz isometric isomorphism. Then we have
f = (ιf ) ◦ Φ for all f ∈ H by the reproducing property. Let us first prove the inclusion
“⊂”. To this end, we fix an f ∈ H and an open U ⊂ R. We define O := (ιf )−1 (U ).
Then we have O ∈ w and thus
−1

f −1 (U ) = (ιf ) ◦ Φ
(U ) = Φ−1 (ιf )−1 (U ) = Φ−1 (O) ∈ τ (Φ : T → (H, w)) .
The inclusion “⊂” then follows from the fact that the set of considered pre-images
f −1 (U ) is a sub-base of τ (H). To show the converse inclusion, we fix an O ∈ w for
which there exist an f ∈ H and an open U ⊂ R with O = (ιf )−1 (U ). Then we find

−1
Φ−1 (O) = Φ−1 (ιf )−1 (U ) = (ιf ) ◦ Φ
(U ) = f −1 (U ) ∈ τ (H) .
Since the set of such pre-images Φ−1 (O) is a sub-base of τ (Φ : T → (H, w)) we
obtained the desired inclusion.
Finally, τ (H) ⊂ τk directly follows from combining part i) and ii) with the fact that
the norm topology on H is finer than the weak topology. To show that the converse
inclusion does not hold for T = [0, 1], we denote the usual topology on this T by τ .
Then [20] showed that there exists a bounded separately τ -continuous kernel k on T
that is not τ -continuous. This gives τ (H) ⊂ τ by [35, Lemma 4.28] and τk 6⊂ τ , and
thus τk 6⊂ τ (H).
iii). Since H 0 is separable, we know that for every bounded subset A0 ⊂ H 0 the
∗
0
∗
0
relative topology w|A
0 on A , where w denotes the weak* topology on H , is induced
be a metric, see e.g. [23, Corollary 2.6.20]. Moreover, we have ι−1 (w∗ ) = w, where
w is the weak topology on H. For all bounded A ⊂ H, the relative topology w|A on A
is thus induced by a metric. Now k is bounded by assumption, and hence A := Φ(T )
is bounded, see e.g. [35, p. 124]. Consequently, there exists a metric d on A that
generates w|A . Let us consider the map Φ̃ : T → A, defined by Φ̃(t) := Φ(t) for all
t ∈ T . By the already proven part ii) and the universal property of the initial topology
τ (id : A → (H, w)) = w|A we then find


τ (H) = τ Φ : T → (H, w) = τ Φ̃ : T → (A, w|A ) .
From this we easily derive that (t, t0 ) 7→ d(Φ(t), Φ(t0 )) is the desired pseudo-metric.
To see that τ (H) is separable, we recall that closed unit ball BH 0 of H 0 is w∗ -compact
∗
) is a compact metric space, and
by Alaoglu’s theorem. Consequently, (BH 0 , w|B
H0
∗
) is metrizable,
thus separable. Arguing as above, and using that w|BH = ι−1 (w|B
H0
we see that w|A is separable for A := Φ(T ), and hence so is τ (H).
Finally, since τ (H) is the initial topology of H, the collection of sets f −1 (O),
where f ∈ H and O ⊂ R open, form a sub-base of τ (H), and since open O ⊂ R are
Borel measurable, we also have f −1 (O) ∈ σ(H) for all such f and O. Consequently,
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finite intersections taken from this sub-base are contained in σ(H), too, and the collection of these intersections form a base of τ (H). Now every τ (H)-open set is the
union of such intersections. However, we have just seen that τ (H) is separable and
generated by a pseudo-metric, which by a standard argument shows that τ (H) is second countable. Consequently, τ (H) is Lindelöf, see [18, p. 49], that is each open cover
has a countable sub-cover. Consequently, each τ (H)-open set is a countable union of
the above intersections, and thus contained in σ(H).
iv). From τ (H) ⊂ B we conclude that σ(H) ⊂ σ(τ (H)) ⊂ B, which shows the
assertion.
Proof of Lemma 2.6: Let us pick an f ∈ H with f 6= 0. Then {f 6= 0} is τ (H)-open
and non-empty, and thus we have ν({f 6= 0}) > 0, that is Ik f = [f ]∼ 6= 0. Now,
k = kT1 follows from [36, Theorem 3.1].
Lemma 6.2. Let (T, τ ) be a topological space, I ⊂ N, and (gi )i∈I be a family of
continuous functions gi : T → R. Then, all t ∈ T , the following statements hold:
P
i) If i∈I gi2 (t) = ∞, then, for all M > 0, there exists an open O ⊂ T with t ∈ O
and
X
gi2 (s) > M ,
s ∈ O.
i∈I

P

ii) If
and

i∈I

gi2 (t) < ∞, then, for all ε > 0, there exists an open O ⊂ T with t ∈ O
X
X
gi2 (s) >
gi2 (t) − ε ,
s ∈ O.
i∈I

i∈I

Proof of Lemma 6.2: i). By assumption, there exists a finite J ⊂ I such that
X
gi2 (t) > 2M .
i∈J

Since the gi2 are continuous, there then exist, for all i ∈ J, an open O
Ti ⊂ T with t ∈ Oi
and |gi2 (s) − gi2 (t)| < M/|J| for all s ∈ Oi . For the open set O := i∈J Oi and s ∈ O
we then obtain t ∈ O and
X

gi2 (s) −

i∈J

X

gi2 (t) ≤

i∈J

X

|gi2 (s) − gi2 (t)| < M .

i∈J

This yields
X
i∈I

gi2 (s) ≥

X

gi2 (s) >

i∈J

X

gi2 (t) − M > M .

i∈J

ii). Let us fix an ε > 0. Then there exists a finite J ⊂ I such that
X
X
gi2 (t) >
gi2 (t) − ε .
i∈J

i∈I

This time we pick open Oi ⊂ T with t ∈ Oi and |gi2 (s)−gi2 (t)| < ε/|J| for all s ∈ Oi .
Repeating the calculations above, we obtain the assertion for 2ε.
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Proof of Theorem 2.7: By our assumption and (13) we have [H]β∼ ,→ L∞ (ν), and
thus [36, Theorem 5.3] shows that there exist an N ∈ B and a constant κ ∈ [0, ∞)
such that ν(N ) = 0 and
X β
µi e2i (t) ≤ κ2 ,
t ∈ T \ N.
(54)
i∈I

Moreover, by the definition of τ (H) we know that all ei are τ (H)-continuous.
Let us first show that (14) holds for S := T . To this end, we assume the converse,
that is, there exists a t ∈ T with
X β
µi e2i (t) = ∞ .
i∈I

By Lemma 6.2 there then exists an O ∈ τ (H) with t ∈ O and
X β
µi e2i (s) > κ2 ,
s ∈ O.

(55)

i∈I

Since ν is assumed to be k-positive, we conclude that ν(O) > 0, and hence there exists
a t0 ∈ O \ N . For this t0 we have both (54) and (55), and thus we have found a
contradiction.
To show that kTβ is bounded, we again assume the converse. Then there exists a
t ∈ T such that
X β
µi e2i (t) > κ2 + 1 ,
i∈I

so that by using ε := 1 in part ii) of Lemma 6.2 we again find an O ∈ τ (H) with t ∈ O
and (55). Repeating the arguments above we then obtain a contradiction.
Let us now show that τ (HTβ ) = τ (H). To this end, we first fix an f ∈ HTβ . Since
β/2
(µi ei )i∈I is an ONB of HTβ , see [36, Lemma 2.6 and Proposition 4.2], we then have
X
β/2
β/2
f=
f, µi ei H β µi ei ,
T

i∈I

where the convergence is unconditionally in HTβ . Since kTβ is bounded, convergence in
HTβ implies uniform convergence, see e.g. [35, Lemma 4.23], and thus the above series
also converges unconditionally with respect to k · k∞ . Consequently, f is a k · k∞ limit of a sequence of τ (H)-continuous functions, and thus itself τ (H)-continuous.
From this we easily conclude that τ (HTβ ) ⊂ τ (H). To show the converse inclusion
τ (H) ⊂ τ (HTβ ) let us recall that the embedding Ik : H → L2 (ν) is injective and
H = HT1 by Lemma 2.6. Now the inclusion τ (H) ⊂ τ (HTβ ) trivially follows from the
inclusion HT1 ⊂ HTβ established in [36, Lemma 4.3].
Proof of Lemma 2.8: Let us denote the i-th approximation number of a bounded linear
operator T : E → F between Banach spaces E and F by ai (T ), that is

ai (T ) := inf kT − Ak A : E → F bounded linear with rank A < i .
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Moreover, we write si (Ik ) for the i-th singular number of Ik , see (50). Since Ik is
compact, we actually have ai (Ik ) = si (Ik ) for all i ≥ 1, see [43, Theorem 7 on
p. 240], and using (51) and (52) we thus find
µi = µi (Tk ) = si (Tk ) = s2i (Ik ) = a2i (Ik )
for all i ∈ I. Moreover, if |I| < ∞, then we clearly have ai (Ik ) = 0 for all i > |I| by
the spectral representation of Tk . From Carl’s inequality, see [7, Theorem 3.1.2], we
then obtain (22). Moreover, (21) follows from the relation
ai (R : H1 → H2 ) ≤ 2εi (R : H1 → H2 )
that holds for all compact linear operators R between Hilbert spaces H1 and H2 , see
[7, p. 120].

6.2

Proofs Related to Generic KL-Expansions

Proof of Lemma 3.1: Since X is A⊗B-measurable, the map (ω, s, t) 7→ Xs (ω)Xt (ω)
is A⊗B⊗B-measurable. From this we easily conclude that k is measurable. Moreover,
a simple application of Tonelli’s theorem shows
Z
Z
Z
k(t, t) dν(t) =
EP Xt2 dν(t) =
X 2 dP ⊗ ν < ∞ .
T

T

Ω×T

The remaining assertions then follow from [36, Lemma 2.3].
Proof of Lemma 3.2: For i ∈ I and ω ∈ Ω, we define
Z
Xt (ω)ei (t) dν(t) ,
Yi (ω) :=
T

where we note that the measurability of (ω, t) 7→ Xt (ω)ei (t) together with Tonelli’s
theorems shows that Yi : Ω → [0, ∞] is measurable. Moreover, since we have ei ∈
L2 (ν) with kei kL2 (ν) = 1 as well as X(ω) ∈ L2 (ν) for P -almost all ω ∈ Ω, CauchySchwarz inequality implies
2
Xt (ω)ei (t) dν(t) dP (ω)
Ω
T
Z

Z Z
≤
Xt2 (ω) dν(t)
e2i (t) dν(t) dP (ω)
T
ZΩ T
=
X 2 dP ⊗ ν

EP Yi2 =

Z Z

(56)

Ω×T

< ∞.
Since |Zi | ≤ |Yi |, we then obtain Zi ∈ L2 (P ). Furthermore, we have Xei ∈
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L1 (P ⊗ ν) since another application of the Cauchy-Schwarz inequality gives
Z

Z

1/2 Z

2

Xei dP ⊗ ν ≤

X dP ⊗ ν
Ω×T

Ω×T

e2i dP

1/2
⊗ν

Ω×T

= kXkL2 (P ⊗ν)

(57)

< ∞.
Consequently, we can apply Fubini’s theorem, which yields
Z Z
EP Zi =
Xt (ω)ei (t) dν(t) dP (ω)
Ω T
Z Z
=
Xt (ω)ei (t) dP (ω) dν(t)
T

Ω

= 0,
where in the last step we used EP Xt = 0. To show (26), we first observe that
Z
Xs (ω)ei (s)Xt (ω)ej (t) dP ⊗ ν ⊗ ν(w, s, t)
Ω×T ×T
Z Z Z
Xs (ω)ei (s) · Xt (ω)ej (t) dν(s) dν(t) dP (ω)
=
Ω T T

Z
Z Z
Xt (ω)ei (t) dν(t) dP (ω)
Xs (ω)ei (s) dν(s)
=
=

T
2
EP Yi <

T

Ω

∞.

(58)

where in the last inequality we used the arguments from (56). Using Fubini’s theorem,
we then obtain
Z

Z Z
EP Zi Zj =
Xs (ω)ei (s) dν(s)
Xt (ω)ej (t) dν(t) dP (ω)
T
ZΩ Z TZ
=
Xs (ω)ei (s)Xt (ω)ej (t) dν(s) dν(t) dP (ω)
Ω T T
Z Z

=
EP Xs Xt ei (s)ej (t) dν(s) dν(t)
ZT ZT
=
k(s, t)ei (s)ej (t) dν(s) dν(t)
ZT T
=
Sk ([ei ]∼ )(t) ej (t) dν(t)
(59)
T
Z
=
µi ei (t)ej (t) dν(t)
T

= µi δi,j ,
where in the second to last step we used (6).
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Let us now show (27). To this end, note that the already established Yj ∈ L2 (P )
together with Xt ∈ L2 (P ) and Tonelli’s theorem implies
Z
Z
Xt (ω)Xs (ω)ej (s) dP ⊗ ν(ω, s) =
Xt (ω)Yj (ω) dP (ω) < ∞
Ω×T

Ω

for all t ∈ T . Consequently, the map (ω, s) 7→ Xt (ω)Xs (ω)ej (s) is P ⊗ ν-integrable
for each t ∈ T , and by Fubini’s theorem we thus obtain
Z
Z
EP Xt Zj =
Xt (ω)
Xs (ω)ej (s) dν(s) dP (ω)
ZΩ
Z T
=
ej (s)
Xt (ω)Xs (ω) dP (ω) dν(s)
T
Ω
Z
=
ej (s)k(s, t) dν(s)
T

= Sk ([ej ]∼ )(t)
= µj ej (t) ,
where in the last step we used (6).
Moreover, (28) immediately follows from
Xt −

X

2

Zj ej (t)

j∈J

= EP Xt2 − 2EP Xt

L2 (P )

X
j∈J

= k(t, t) − 2

X
X

Zi ei (t)Zj ej (t)

i,j∈J

EP Xt Zj ej (t) +

j∈J

= k(t, t) − 2

X

Zj ej (t) + EP
X

ej (t)ei (t)EP Zi Zj

i,j∈J

µj e2j (t) +

j∈J

X

µj e2j (t) ,

j∈J

where in the last step we used the already established (26) and (27).
i) ⇔ ii). Follows directly from (28).
Finally, to show (31), we fix a measurable N ⊂ Ω with X(ω) ∈ L2 (ν) for all
ω ∈ Ω \ N . Furthermore, we fix an f ∈ L2 (ν) with [f ]∼ ∈ ker Tk . Without loss of
generality we may assume that kf kL2 (ν) = 1. For ω ∈ N we now write Z(ω) := 0
and
Z
Z(ω) :=
Xt (ω)f (t) dν(t)
T

otherwise. Then, repeating (56) and (57) with ei replaced by f we obtain Z ∈ L2 (P )
and Xf ∈ L1 (P ⊗ ν). Moreover, repeating (58) and (59) in the same way, we obtain
Z
EP Z 2 =
Sk ([f ]∼ )(t)f (t) dν(t) = 0
T

since [f ]∼ ∈ ker Tk = ker Sk by (7). This shows that h[X(ω)]∼ , [f ]∼ iL2 (ν) = Z(ω) =
0 for all ω ∈ Ω \ N and all f ∈ L2 (ν) with [f ]∼ ∈ ker Tk , and thus we have found the
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first part of (31). The second part of (31), namely,
(ker Tk )⊥ = span{[ei ]∼ : i ∈ I}

L2 (ν)

,

follows from combining (7) with (11) and (9).
Proof of Proposition 3.3: Recall that [36, Theorem 3.1] showed that both i) and ii) are
equivalent to
X
k(t, t0 ) =
µi ei (t)ei (t0 ) .
(60)
i∈I
0

for all t, t ∈ T . In view of (28) it thus suffices to show that iii) ⇒ i). To show this
√
implication we assume that (29) holds for all t ∈ T , but ( µi ei )i∈I is not an ONB
√
of H. Let (ẽj )j∈J be an ONS of H such that the union of ( µi ei )i∈I and (ẽj )j∈J is
an ONB of H. By assumption we know that J 6= ∅, so we can fix a j0 ∈ J. Since
kẽj0 kH = 1, there further exists a t ∈ T with ẽj0 (t) 6= 0. Now, it is well-known that
the kernel k can be expressed in terms of our ONB, see e.g. [35, Theorem 4.20], and
hence we obtain
X
X
X
k(t, t) =
µi e2i (t) +
ẽ2j (t) ≥
µi e2i (t) + ẽ2j0 (t)
i∈I

j∈J

i∈I

>

X

µi e2i (t)

i∈I

= k(t, t) ,
where the last equality follows from the equivalence of (29) and (30). In other words,
we have found a contradiction, and hence iii) ⇒ i) is true.
Let us finally consider the case in which H is separable. By [36, Corollary 3.2 and
Theorem 3.3] we then see that there exists a measurable N ⊂ T with ν(N ) = 0 such
that
k(t, t0 ) = kT1 (t, t0 ) ,
t, t0 ∈ T .
Consequently, (30) holds for all t ∈ T \ N , and we obtain the assertion by (28).
Proof of Proposition 3.4: Equation (31) shows that there exists a measurable N1 ⊂ Ω
with P (N1 ) = 0 such that for all ω ∈ Ω \ N1 the path [X(ω)]∼ is contained in the
space spanned by the ONS ([ei ]∼ )i∈I . Moreover, by the definition of Zi there exists
another measurable N2 ⊂ Ω with P (N2 ) = 0 and
Zi (ω) = h[X(ω)]∼ , [ei ]∼ iL2 (ν)

(61)

for ω ∈ Ω \ N2 . Let us define N := N1 ∪ N2 . For ω ∈ Ω \ N we then obtain (32).
To show (33), we again pick an ω ∈ Ω \ N . Using Parseval’s identity and (61), we
obtain
X
X
2
[X(ω)]∼ −
Zj (ω)[ej ]∼
=
Zi2 (ω)
L2 (ν)

j∈J

i∈I\J

Furthermore, Lemma 3.2 implies
X
X
X
EP
Zi2 =
EP Zi2 =
µi .
i∈I\J

i∈I\J

33

i∈I\J

(62)

Combining both equations then yields (33) and the last assertion is a trivial consequence of (33).
Proof of Corollary 3.5: Our first goal is to show that [Zi ]∼ ∈ L2 (X) for all i ∈ I.
To this end, recall from e.g. [4, p. 65] and [16, Chapter 8.4] that the Loève isometric
isomorphism Ψ : L2 (X) → H is the unique continuous extension of the well-defined
linear map Ψ0 : span{[Xt ]∼ : t ∈ T } → span{k(t, ·) : t ∈ T } described by
Ψ0

n
X

n

X
ai [Xti ]∼ :=
ai k(ti , ·) .

i=1

i=1

√
Now let (ẽj )j∈J be an ONS in H such that ( µi ei )i∈I ∪ (ẽj )j∈J is an ONB of H. For
√
√
an arbitrary t ∈ T and all i ∈ I and j ∈ J, we then find hk(t, ·), µi ei iH = µi ei (t)
and hk(t, ·), ẽj iH = ẽj (t) and thus we obtain
X
X
k(t, ·) =
µi ei (t)ei +
ẽj (t)ẽj ,
i∈I

j∈J

where the series converge unconditionally in H. Applying Ψ−1 on both sides yields
X
 X
[Xt ]∼ = Ψ−1 k(t, ·) =
µi ei (t)Ψ−1 (ei ) +
ẽj (t)Ψ−1 (ẽj ) ,
i∈I

j∈J

where the series converge unconditionally in L2 (P ). Let us fix ξi , ξ˜j ∈ L2 (P ) with
[ξi ]∼ = µi Ψ−1 (ei ) and [ξ˜j ]∼ = Ψ−1 (ẽj ). Then our constructions ensures
X
X
[Xt ]∼ =
[ξi ]∼ ei (t) +
[ξ˜j ]∼ ẽj (t) ,
(63)
i∈I

j∈J

where, for all t ∈ T , the series converge unconditionally in L2 (P ). For some fixed
finite sets I0 ⊂ I and J0 ⊂ J, we further have
Z
X
2
[X(ω)]∼ −
ξi (ω)[ei ]∼
dP (ω)
Ω

Xt (ω) −

=
Ω

T

[Xt ]∼ −

=
T

k(t, ·) −
T

=

X

µi ei (t)Ψ−1 (ei )

X

µi e2i (t) +

i∈I\I0

X

µi [ei ]∼

X

=

dν(t)
L2 (P )

dν(t)
H


ẽ2j (t) dν(t)

j∈J
2
L2 (ν)

+

X
j∈J

i∈I\I0

X

2

2

µi ei (t)ei

i∈I0

Z  X
T

ξi (ω)ei (t) dν(t) dP (ω)

i∈I0

Z
=

2

X
i∈I0

Z

=

L2 (ν)

i∈I0

Z Z

µi ,

i∈I\I0
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[ẽj ]∼

2
L2 (ν)

where in the last step we used Theorem 2.1, which implies
⊥
√
ẽj ∈ span{ µi ei : i ∈ I} = (ran Sk )⊥ = ker Sk∗ = ker Ik .

Consequently, there exists a measurable N ⊂ Ω with P (N ) = 0 such that for all
ω ∈ Ω \ N we have
X
[X(ω)]∼ =
ξi (ω)[ei ]∼ ,
i∈I

where the series converges in L2 (ν). By Proposition 3.4 we may assume without loss
of generality that (32) also holds for ω ∈ Ω \ N . Since ([ei ]∼ )i∈I is an ONS, we then
see that
ξi (ω) = h[X(ω)]∼ , [ei ]∼ iL2 (P ) = Zi (ω)
for such ω, and thus we finally obtain [Zi ]∼ = [ξi ]∼ ∈ L2 (X).
−1/2
Now, (26) shows that (µi
[Zi ]∼ )i∈I is an ONS of L2 (X), and (28) together with
√
Proposition 3.3 shows that it is an ONB, if and only if ( µi ei )i∈I is an ONB of H.
Proof of Lemma 3.6: By Lemma 3.2 we know that the random variables (Zi )i∈I
are mutually uncorrelated and
Pncentered with Var Zi = µi for all i ∈ I. Moreover,
by Corollary 3.5 we know i∈I0 ai Zi ∈ L2 (X) for all finite I0 ⊂ I and ai ∈ R.
Since L2 (X) consists of normally distributed random variables, which can be easily
checked by Lévy’s continuity theorem, we conclude that (Zi )i∈I are jointly normal.
Consequently, they are independent, and Zi ∼ N (0, µi ) becomes obvious.
Proof of Lemma 3.7: Let us first show that the series defining each Xt does converge.
To this end, we fix a finite J ⊂ I. Then an easy calculation shows
2
Z X
Z X
Zj (ω)ej (t) dP (ω) =
Zi (ω)Zj (ω)ei (t)ej (t) dP (ω)
Ω

Ω i,j∈J

j∈J

=

X

ei (t)ej (t)EP Zi Zj

i,j∈J

=

X

µj e2j (t) .

(64)

j∈J

Since the latter series converges, its sequence of partial sums is a Cauchy sequence, and
hence the sequence of partial sums of the right-hand side of (34) is a Cauchy sequence
in L2 (P ). Consequently, it converges, and by repeating the argument above we see
that the series also converges unconditinally. Now using, the L2 (P )-convergence, we
find
X
EP Xs Xt = hXs , Xt iL2 (P ) =
ei (s)ej (t)EP Zi Zj = kT1 (s, t)
i,j∈J

for all s, t ∈ T . The (A ⊗ B)-measurability of X is obvious, and integrating (64) with
respect to ν yields
2
Z Z X
Z X
X
Zj (ω)ej (t) dP (ω) dν(t) =
µj e2j (t) dν(t) =
µj
(65)
T

Ω

T j∈J

j∈J
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j∈J

for all finite J ⊂ I. By Beppo Levi’s theorem we then conclude
that (65) holds for
P
all J ⊂ I, so that Tonelli’s theorem and the assumed i∈I µi < ∞ show X ∈
L2 (P ⊗ ν). Moreover, essentially the same argument gives
2
Z Z 
X
Xt (ω) −
Zj (ω)ej (t) dν(t) dP (ω)
Ω

T

j∈J

Z Z 
Xt (ω) −

=
T

=

Ω

X

X

2
Zj (ω)ej (t) dP (ω) dν(t)

j∈J

µj ,

j∈I\J

and hence we conclude that, for P -almost all ω ∈ Ω, we have
X


X(ω) ∼ =
Zi (ω)[ei ]∼
i∈I

with convergence in L2 (ν). For these ω, we then find (25) since ([ei ]∼ )i∈I is an ONS
in L2 (ν).

6.3

Proofs Related to Almost Sure Paths in Interpolation Spaces

Proof of Theorem 4.1: Let us begin by some preliminary remarks. To this end, we
define, for all i ∈ I, random variables ξi : Ω → R by
(β−1)/2

ξi (ω) := µi

ω ∈ Ω.

Zi (ω) ,

(66)

(1−β)/2

This definition immediately yields Zi (ω)[ei ]∼ = ξi (ω)µi
[ei ]∼ for all ω ∈ Ω.
Let us begin by proving (35). To this end, we simply note that the definition of the
gives
norm of [H]1−β
∼
X
j∈J

2

Zj (ω)[ej ]∼

1−β
[H]∼

=

X

(1−β)/2

ξi (ω)µi

j∈J

2

[ej ]∼

[H]1−β
∼

=

X

=

X

ξj2 (ω)

j∈J

µiβ−1 Zj2 (ω) ,

j∈J

which shows the assertion.
i) ⇔ ii). This immediately
follows from (35), the definition of [H]1−β
∼ , and the
P
equality [X(ω)]∼ = i∈I Zi (ω)[ei ]∼ .
ii) ⇔ iii). This is a trivial consequence of (13).
P
Let us now fix an ω ∈ Ω \ N for which we have i∈I µβ−1
Zi2 (ω) < ∞.
i
P
For an arbitrary J ⊂ I, we then have j∈J µjβ−1 Zj2 (ω) < ∞, and hence we find
P
(β−1)/2
1−β
by using the fact that (µj
Zj (ω))j∈J is the sej∈J Zj (ω)[ej ]∼ ∈ [H]∼
P
quence of Fourier coefficients of j∈J Zj (ω)[ej ]∼ in [H]1−β
.
The definition of the
∼
1−β
norm of [H]∼ then yields (35). Finally, the unconditional convergence is a direct
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consequence of (35) and the fact that [H]1−β
and [L2 (ν), [H]∼ ]1−β,2 have equivalent
∼
norms.
Proof of Theorem 4.2: i) ⇒ ii). By our assumptions, Lemma 3.2, and Beppo Levi’s
theorem we obtain
X β−1
X β
X β−1
(67)
EP
µi EP Zi2 =
µi < ∞ .
µi Zi2 =
i∈I

i∈I

i∈I

Consequently, there exists a measurable Ñ ⊂ Ω with P (Ñ ) = 0 such that for all
P
Zi2 (ω) < ∞. By Theorem 4.1, we then obtain
ω ∈ Ω \ Ñ we have i∈I µβ−1
i
[X(ω)]∼ ∈ [H]1−β
= [L2 (ν), [H]∼ ]1−β,2
∼
for all w ∈ Ω \ (N ∪ Ñ ), which shows the first assertion. Moreover, choosing J := I
in (35), we find
Z
Z X
X β
2
[X(ω)]∼
dP
(ω)
=
µiβ−1 Zi2 (ω) dP (ω) =
µi < ∞ , (68)
1−β
[H]∼

Ω

Ω i∈I

i∈I

where we note that measurability is not an issue as the right-hand side of (35) is
measurable. Since the norms of [L2 (ν), [H]∼ ]1−β,2 and [H]1−β
are equivalent as
∼
discussed around (13), it thus remains to show that the map Ω \ N → [H]1−β
de∼
fined by ω 7→ [X(ω)]∼ is Borel measurable. To this end, we consider the map
ξ : Ω \ (N ∪ Ñ ) → `2 (I) defined by

ξ(ω) := µβ−1
Zi2 (ω) i∈I
i
for all ω ∈ Ω \ (N ∪ Ñ ). Note that our previous considerations showed that ξ indeed
maps into `2 (I). Consequently, ha, ξi`2 (I) : Ω \ (N ∪ Ñ ) → R is well-defined for all
a ∈ `2 (I). In addition, this map is clearly measurable, and since `2 (I) is separable, the
combination of Petti’s measurability theorem, cf. [10, p. 9], with [10, Theorem 8 on
p. 8] shows that ξ is Borel measurable. Using the isometric relation (12) we conclude
that the map Ω \ (N ∪ Ñ ) → [H]1−β
defined by
∼
X
(1−β)/2
ω 7→
ξi (ω)µi
[ei ]∼ = [X(ω)]∼
i∈I

is Borel measurable.
ii) ⇒ i). Let N ⊂ Ω be a P -zero set with [X(ω)]∼ ∈ [L2 (ν), [H]∼ ]1−β,2 for all
ω ∈ Ω \ N . By Proposition 3.4 we may again assume without loss of generality that
(32) is also satisfied for all ω ∈ Ω \ N . Using Beppo Levi’s theorem and the discussion
around (13), as well as Lemma 3.2 and (35), we then obtain
Z
X β
X β−1
2
µi = EP
µi Zi2 =
[X(ω)]∼
dP (ω) < ∞ .
1−β
i∈I

i∈I

Ω

[H]∼

Let us finally assume that i) and ii) are true.
PBy Proposition 3.4 there then exists a
measurable N ⊂ Ω with P (N ) = 0 such that i∈I Zi (ω)[ei ]∼ = [X(ω)]∼ in L2 (ν),
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and [X(ω)]∼ ∈ [L2 (ν), [H]∼ ]1−β,2 for all ω ∈ Ω \ N . For these ω, Theorem 4.1
immediately yields
X
µβ−1 Zi2 (ω) < ∞ .
(69)
i∈I

Now, to show the stronger [L2 (ν), [H]∼ ]1−β,2 -convergence in (32) we observe that
for all J ⊂ I and for all ω ∈ Ω \ N we have (35)
P by (69). By (69) and (35) we
then conclude that the sequence of partial sums of i∈I Zi (ω)[ei ]∼ is a Cauchy se1−β
1−β
1−β
quence
P in [H]∼ and thus convergent in [H]∼ . Moreover, since [H]∼ ,→ L2 (ν)
and i∈I Zi (ω)[ei ]∼ = [X(ω)]∼ in L2 (ν), its limit is [X(ω)]∼ , which shows the
[H]1−β
∼ -convergence in (32). Finally, because of (69), the formula (32) equals the ONB
(1−β)/2
representation of [X(ω)]∼ with respect to the ONB (µi
[ei ]∼ )i∈I of [H]1−β
∼ ,
and hence the convergence is also unconditionally. Now using that [H]1−β
and
∼
[L2 (ν), [H]∼ ]1−β,2 have equivalent norms,
we
see
that
the
convergence
in
(32)
is
in
deed unconditionally in L2 (ν), [H]∼ 1−β,2 .
To show the last assertion, we combine (35) with the just established [H]1−β
∼ convergence in (32) and a calculation that is analogous to (68) to obtain
Z
X
X β
2
[X(ω)]∼ −
Zj (ω)[ej ]∼
dP
(ω)
=
µj .
1−β
Ω

[H]∼

j∈J

i∈I\J

and [L2 (ν), [H]∼ ]1−β,2 have equivalent norms, we then obAgain, using that [H]1−β
∼
tain the assertion.
Lemma 6.3. Let (ξ)i≥1 be a sequence of R-valued random variables on some probability space (Ω, A, P ) and (µi )i≥1 ⊂ (0, ∞) be a monotonically decreasing sequence.
We define Fi := σ(ξ12 , . . . , ξi2 ) and assume that EP ξ12 = 1 and both ξi ∈ L4 (P ) and
2
EP (ξi+1
|Fi ) = 1

(70)

for all i ≥ 1. Furthermore, assume that, for some β ∈ (0, 1), we have
∞
X

2
µ2β
i Var ξi < ∞ .

(71)

i=1

Then, the following statements are equivalent:
P∞
i) We have i=1 µβi < ∞.
ii) There exists an N ∈ A with P (N ) = 0 such that for all ω ∈ Ω \ N we have
∞
X

µβi ξi2 (ω) < ∞ .

(72)

i=1

Proof of Lemma 6.3: Before we begin with the actual proof we note that, for all
2
2
i ≥ 1, we have EP ξi+1
= EP EP (ξi+1
|Fi ) = 1 by (70). Moreover, for i > j + 1 an
elementary calculation shows

EP (ξi2 |Fj ) = EP EP (ξi2 |Fi−1 )|Fj = 1 ,
(73)
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and by (70) we thus have EP (ξi2 |Fj ) = 1 for all i > j.
i) ⇒ ii). This simply follows from
EP

∞
X

µβi ξi2

i=1

=

∞
X

µβi EP ξi2

=

i=1

∞
X

µβi < ∞ .

i=1

ii) ⇒ i). For i, n ≥ 1, we write Xi := µβi (ξi2 − 1) and Yn :=
simple observation is that, for i > j, we have

Pn

i=1

Xi . Then, our first

EP (Xi |Fj ) = µβi EP (ξi2 − 1|Fj ) = 0

(74)

by our preliminary considerations. Moreover, for all n ≥ 1, the random variable Yn is
Fn -measurable and satisfies Yn ∈ L2 (P ). In addition, we have
EP (Yn+1 |Fn ) = EP (Xn+1 |Fn ) + Yn = Yn
by (74), and thus (Yn )n≥1 is a martingale with respect to the filtration (Fn )n≥1 . Our
next goal is to show that it is uniformly bounded in L2 (P ). To this end, we first observe
that for i > j we have

EP (Xi Xj ) = EP EP (Xi Xj |Fj ) = EP Xj EP (Xi |Fj ) = 0
since Xj is Fj -measurable and (74). Consequently, we obtain
EP Yn2 =

n
X
i=1

EP Xi2 + 2

i−1
n X
X

EP (Xi Xj ) =

i=1 j=1

n
X

2
2
µ2β
i EP (ξi − 1)

i=1

≤

∞
X

2
µ2β
i Var ξi ,

i=1

which by (71) shows that (Yn )n≥1 is indeed uniformly bounded in L2 (P ). By martingale convergence, see e.g. [19, Theorem 11.10], there thus exists a random variable
Y∞ ∈ L2 (P ) such that Yn → Y∞ in L2 (P ) and P -almost surely. In particular, there
exists an ω ∈ Ω with Y∞ (ω) ∈ R such
P∞ that we have both (72) and Yn (ω) → Y∞ (ω),
where the latter simply means that i=1 Xi (ω) converges. For this ω, we thus obtain
∞
X
i=1

µβi =

∞
X

∞
∞
X

 X
µβi ξi2 (ω) − ξi2 (ω) + 1 =
µβi ξi2 (ω) −
µβi ξi2 (ω) − 1

i=1

i=1

=

∞
X

i=1

µβi ξi2 (ω) − Y∞ (ω) ,

i=1

and since the last difference is a real number we have proven the assertion.
Proof of Lemma 4.3: i) ⇒ ii). Follows from a literal repetition of (67).
−1/2
ii) ⇒ i). Our first goal is to show that the random variables ξi := µi
Zi satisfy
the assumptions of Lemma 6.3. Indeed, we clearly, have ξi ∈ L4 (P ) and the definition
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of the σ-algebras Fi is consistent with Lemma 6.3. Moreover, (37) implies (70), and,
for all β ∈ (0, 1), condition (36) implies (72). Furthermore, our definitions yields
−α
2
Var ξi2 = µ−2
i Var Zi ≤ cµi

(75)

for all i ≥ 1, and consequently, we find
∞
X

2
µ2β
i Var ξi ≤ c

i=1

∞
X

<∞
µ2β−α
i

i=1

whenever 2β ≥ α + 1, i.e. (71) is satisfied for such β. Using Lemma 6.3, we then see
that the implication ii) ⇒ i) is true for all β ∈ [β1 , 1), where β1 := (α + 1)/2. To treat
the case β ∈ (α, β1 ), we define a sequence (βn )n≥1 by βn+1 := (α + βn )/2 for all
n ≥ 1. By induction and the definition of β1 , we then see that
βn = 2−n + α

n
X

2−i

i=1

for all n ≥ 1. Consequently, we have both βn ∈ (α, 1) for all n ≥ 1 and βn & α.
Our next goal is to show that the implication ii) ⇒ i) is true for all βn . To this
end, we first observe that we have already seen that the implication is true for β1 . To
proceed by induction, we now assume that the implication is true for βn , so that our
goal is to show that it is also true for βn+1 . To this end, let us assume that there exists
a measurable N ⊂ Ω with P (N ) = 0 such that (36), and thus (72), holds for βn+1 and
all ω ∈ Ω \ N . Here we note that in the absence of such an N there is nothing to prove.
Now, since µi → 0 and βn > βn+1 , it is easy to see thatP
(36) also holds for βn and all
∞
ω ∈ Ω \ N , and hence our induction hypothesis yields i=1 µβi n < ∞. This in turn
shows
∞
X

2βn+1

µi

Var ξi2 =

∞
X

n
µα+β
Var ξi2 ≤ c
i

n −α
µα+β
µi < ∞
i

(76)

i=1

i=1

i=1

∞
X

P∞ β
by (75). Consequently, applying Lemma 6.3 gives i=1 µi n+1 < ∞, which finishes
the induction.
Finally, let us fix a β ∈ (α, β1 ) for which there exists a measurable N ⊂ Ω with
P (N ) = 0 such that (36) holds for β and all ω ∈ Ω \ N . By the construction of (βn ),
there then exists an n ≥ 1 such that β ∈ [βn+1 , βn ). Using the same arguments as
above, we then see that (36) also holds for βn and all ω ∈ Ω \ N , and hence we find
P∞ βn
i=1 µi < ∞ by our preliminary result. Repeating (76), we find
∞
X
i=1

2
µ2β
i Var ξi ≤

∞
X

2βn+1

µi

Var ξi2 ≤

i=1

and consequently Lemma 6.3 gives

∞
X

µiα+βn µ−α
< ∞,
i

i=1

P∞

i=1

µβi < ∞.

Proof of Corollary 4.4: Clearly, if I is finite, there is nothing to prove, and hence we
solely focus on the case I = N.
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i) ⇔ ii). By Lemma 3.6 we know that the (Zi )i∈I are independent, and thus we
2
2
find EP (Zi+1
|Fi ) = EP Zi+1
= µi+1 by Lemma 3.2. Consequently, (37) is satisfied.
Moreover, since we have Zi ∼ N (0, µi ) for all i ∈ I by Lemma 3.6 there exists a
constant c > 0 such that
−1/2

µ−2 Var Zi2 = Var(µi

Zi )2 ≤ c

for all i ∈ I. This shows that (38) holds for all α ∈ (0, 1). Applying Lemma 4.3 then
yields the assertion.
ii) ⇒ iii). trivial.
iii) ⇒ ii). Assume that there exists an A ∈ A with P (A) > 0 such that
[X(ω)]∼ ∈ [L2 (ν), [H]∼ ]1−β,2 holds for all ω ∈ A. Without loss of generality we may additionally assume that A ⊂ Ω \ N , where N ⊂ Ω is the measurable
set obtained from Proposition 3.4. By Theorem 4.1 we then know that
P P -zero
β−1 2
µ
Z
i (ω) < ∞ for all ω ∈ A, and hence
i∈I
nX
o
P
µβ−1 Zi2 < ∞
> 0.
i∈I

However, the (Zi )i∈I are independent
by Lemma 3.6 and hence we conclude by KolP
mogorov’s zero-one law that i∈I µβ−1 Zi2 (ω) < ∞ actually holds for P -almost all
ω ∈ Ω.
Proof of Corollary 4.5: Let us write I for the embedding H ,→ W m (T ). Using (24)
and the multiplicativity of the dyadic entropy numbers, see [7, p. 21], we then find


εi Ik : H → L2 (ν) ≤ kIk · εi id : W m (T ) → L2 (ν) ≤ c i−m/d ,
where c > 0 is a suitable
Lemma 2.8 then gives µi ≤ 4c i−2m/d for all i ≥ 1,
P constant.
β
d
and hence we have i∈I µi < ∞ for all β > 2m
. Let us fix an 0 < s < m − d/2.
d
For β := 1 − s/m, we then have β ∈ ( 2m , 1), and by Theorem 4.2 we conclude that


(1−β)m
s
[X(ω)]∼ ∈ [L2 (T ), [H]∼ ]1−β,2 ⊂ L2 (T ), W m (T ) 1−β,2 = B2,2
(T ) = B2,2
(T )
for P -almost all ω ∈ Ω. Moreover, the first norm estimate, including the implicitly
assumed measurability of the integrand, also follows from Theorem 4.2. The second
norm estimate follows by combining Theorem 4.2 with (24) and Lemma 2.8, which is
possible by the assumed H = W m (T ).
Finally, let us assume that (Xt )t∈T is a Gaussian process with H = W m (T ) but
(39) does hold for s := m − d/2 with strictly positive probability P . Then we have




s
[X(ω)]∼ ∈ B2,2
(T ) = L2 (T ), W m (T ) s/m,2 = L2 (T ), W m (T ) 1−β,2 ,
where β :=
X

P
By Corollary 4.4 we then see that i∈I µβi < ∞, and thus

 X 2β
d/m
id : W m (T ) → L2 (T ) =
εi Ik : H → L2 (T ) < ∞
εi
d
2m .

i∈I

i∈I

by Lemma 2.8. However, this contradicts (24).
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6.4

Proofs Related to Almost Sure Paths in RKHSs

Lemma 6.4. Let (Ω, A, P ) be a probability space, (T, B, ν) be a measure space, and
(Xt )t∈T ⊂ L2 (P ) be a (A ⊗ B)-measurable stochastic process with X ∈ L2 (P ⊗ ν).
Then, for every (A ⊗ B)-measurable version (Yt )t∈T of (Xt )t∈T , we have both
(Yt )t∈T ⊂ L2 (P ) and Y ∈ L2 (P ⊗ ν), and, for P -almost all w ∈ Ω, we further
have
[Y (ω)]∼ = [X(ω)]∼ .
Proof of Lemma 6.4: Since (Yt )t∈T ⊂ L2 (P ) is a version of (Xt )t∈T ⊂ L2 (P ), we
have
P (Yt = Xt ) = 1 ,
t ∈ T,
and thus we find both (Yt )t∈T ⊂ L2 (P ) and kYt − Xt kL2 (P ) = 0 for all t ∈ T . Using
the measurability of Y : Ω × T → R and Tonelli’s theorem, we thus find
Z
Z Z
2
2
[Y (ω)]∼ − [X(ω)]∼ L2 (ν) dP (ω) =
Yt (ω) − Xt (ω) dν(t) dP (ω)
P
ZP Z T
2
=
Yt (ω) − Xt (ω) dP (ω) dν(t)
T

P

= 0.
This shows [Y (ω)]∼ = [X(ω)]∼ for P -almost all w ∈ Ω, and since another application
of Tonelli’s theorem yields
Z Z
Z
2
2
Yt (ω) − Xt (ω) dP (ω) dν(t) = 0 ,
Yt (ω) − Xt (ω) dP ⊗ ν(ω, t) =
T

Ω×T

P

we also obtain Y ∈ L2 (P ⊗ ν).
Proof of Theorem 5.1: i) ⇒ ii). As in the proof of Theorem 4.1, we define, for all
i ∈ I, random variables ξi : Ω → R by
(β−1)/2

ξi (ω) := µi

ω ∈ Ω.

Zi (ω) ,

For t ∈ S, we further define Yt by
X
(1−β)/2
Yt (ω) :=
ξi (ω)µi
ei (t) ,

ω ∈Ω\N

(77)

i∈I

and Yt (ω) := 0 otherwise. Moreover, for t ∈ T \ S we simply write Yt := Xt .
Obviously, this construction guarantees the (A ⊗ B)-measurability of Y : Ω × T → R.
Let us first show that (Yt )t∈T is a version of (Xt )t∈T . Clearly, it suffices to show
that

P Xt = Yt = 1
for all t ∈ S. However, this immediately follows from
Xt − Yt

2
L2 (P )

= Xt −

X

2

Zi ei (t)

i∈I
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L2 (P )

= k(t, t) −

X
i∈I

µi e2i (t) = 0 ,

where we used both (28) and (41).
Let us now show that all paths of Y restricted to S are contained in HS1−β . Clearly,
for ω ∈ N our definition yields Y (ω)|S = 0, and hence there is nothing to prove for
such ω. Moreover, in the case ω ∈ Ω \ N , we first observe that the family of functions
(1−β)/2
((µi
êi )|S )i∈I forms an ONB of HS1−β since the restriction operator
·|S : ĤS1−β → HS1−β
(1−β)/2

(1−β)/2

is a isometric isomorphism by Lemma 2.2. Using (µi
êi )|S = (µi
ei )|S
and (ξi (ω))i∈I ∈ `2 (I), where the latter follows from (43), we then find Y (ω)|S ∈
HS1−β by the definition (77) of the random variables Yt for t ∈ S.
ii) ⇒ i). By Lemma 6.4 we find a measurable N1 ⊂ Ω with P (N1 ) = 0 such that
Y (ω)|S ∈ HS1−β and
[Y (ω)]∼ = [X(ω)]∼
for all ω ∈ Ω \ N1 . Let us fix an ω ∈ Ω \ N1 . Since Y (ω)|S ∈ HS1−β there then exists
a sequence (ai )i∈I ⊂ `2 (I) such that
X
(1−β)/2
Y (ω)|S =
ai µi
(ei )|S ,
(78)
i∈I

where the convergence is in HS1−β . Let us write Ŷ (ω) := 1S Y (ω). Then we find
Ŷ (ω) ∈ ĤS1−β and
X
(1−β)/2
Ŷ (ω) =
ai µi
êi ,
i∈I

ĤS1−β .

where the convergence is in
Since ĤS1−β is compactly embedded into L2 (ν),
the operator [ · ]∼ : ĤS1−β → L2 (ν) is continuous, which in turn yields
X
X
(1−β)/2
(1−β)/2
[X(ω)]∼ = [Y (ω)]∼ = [Ŷ (ω)]∼ =
ai µi
[êi ]∼ =
ai µi
[ei ]∼ ,
i∈I

i∈I

where the convergence is in L2 (ν). On the other hand, Proposition 3.4 showed that
there exists a measurable N2 ⊂ Ω with P (N2 ) = 0 such that for all ω ∈ Ω \ N2 we
have
X
[X(ω)]∼ =
Zi (ω)[ei ]∼ ,
i∈I

where again the convergence is in L2 (ν). Using that ([ei ]∼ ) is an ONS in L2 (ν), we
(1−β)/2
thus find Zi (ω) = ai µi
for all ω 6∈ N1 ∪ N2 . Now (45) follows from (78), and
since (ai )i∈I ∈ `2 (I) we also obtain i) for N := N1 ∪ N2 .
Proof of Theorem 5.2: i) ⇔ ii). This has already been shown in Lemma 2.3.
Before we prove the remaining implications, let us assume that we have an (A⊗B)measurable version (Yt )t∈T of (Xt )t∈T such that Y (ω)|S ∈ HS1−β for P -almost all
ω ∈ Ω. By Lemma 6.4 we then conclude that
[Ŷ (ω)|S ]∼ = [Y (ω)]∼ = [X(ω)]∼
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for P -almost all ω ∈ Ω, where Ŷ (ω) denotes the zero-extension of Y (ω)|S to T . In
addition, we have kY (ω)|S kH 1−β = k[Ŷ (ω)|S ]∼ k[H 1−β ]∼ by Lemma 2.2. Together,
S
S
this yields
Z
Z
X β
2
2
[X(ω)]∼ [H]1−β
dP
(ω)
=
µi
(79)
Y (ω)|S H 1−β dP (ω) =
∼
Ω

S

Ω

i∈I

where the last identity follows by a repetition of (68). Moreover, note that all three
quantities may simultaneously be infinite.
i) ⇒ iii). We have
Z X
X β−1 Z
X β
2
Z
(ω)
dP
(ω)
=
µi
Zi2 (ω) dP (ω) =
µi < ∞ ,
µβ−1
i
i
Ω i∈I

Ω

i∈I

i∈I

and hence we find a measurable N ⊂ Ω with P (N ) = 0 such that for all ω ∈ Ω \ N
we have (43). Now the assertion follows from Theorem 5.1 and (79).
iii) ⇒ i). Follows directly from (79).
Proof of Corollary 5.3: i) ⇔ ii). This has already been shown in Lemma 2.3, see also
Theorem 5.2.
i) ⇒ iii). Repeating (67), we see yet another time that (43) holds for P -almost all
ω ∈ Ω. Applying Theorem 5.1 then yields the assertion.
iii) ⇒ iv). trivial
and
iv) ⇒ i). For ω ∈ A we have [X(ω)]∼ = [Ŷ (ω)|S ]∼ ∈ [HS1−β ]∼ = [H]1−β
∼
hence i) follows by Corollary 4.4.
Proof of Corollary 5.4: Before we begin with the actual proof, let us first note that the
factorization
Ik

H
@
@
id

@
@
R
H̄

- L2 (ν)

Ik̄

together with the multiplicativity of the dyadic entropy numbers, see [7, p. 21], yields
εi (Ik ) ≤ k id : H → H̄k εi (Ik̄ )
P∞
for all i ≥ 1, and therefore we find i=1 εα
i (Ik ) < ∞. Applying Lemma 2.8 then
P
P
α/2
α/2
shows both j∈J µ̄j < ∞ and i∈I µi < ∞, where (µ̄j )j∈J is the sequence of
non-zero eigenvalues of Tk̄ obtained by Theorem 2.1.
Moreover, for β ∈ [α/2, 1 − α/2], we have α/2 ≤ 1 − β, and thus we find both
P
P
P
1−β
< ∞ and i∈I µ1−β
< ∞. Analogously, β ≥ α/2 implies j∈J µ̄βj <
i
j∈J µ̄j
P
∞ and i∈I µβi < ∞.
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i). Let us pick a β ∈ [α/2, 1 − α/2]. Then, our preliminary considerations showed
P
P
< ∞ and i∈I µ1−β
< ∞. By (18) we then see that we find a
both j∈J µ̄1−β
j
i
measurable S0 ⊂ T with ν(T \ S0 ) = 0 such that both HS1−β
and H̄S1−β
exist.
0
0
1−β
Our next goal is to find a subset S of S0 with ν(T \ S) = 0 and HS ⊂ H̄S1−β .
To this end, note that (13) together with [H]∼ ⊂ [H̄]∼ ⊂ L2 (ν) and the definition of
interpolation norms shows




[H]1−β
= L2 (ν), [H]∼ 1−β,2 ,→ L2 (ν), [H̄]∼ 1−β,2 = [H̄]1−β
,
∼
∼
and hence the inclusion operator I : [H]1−β
→ [H̄]1−β
is continuous. Now consider
∼
∼
the situation
HS1−β
0

[ˆ· ]∼

- [H]1−β
∼

I

- [H̄]1−β 
∼

[ˆ· ]∼

H̄S1−β
0

where the operators [ˆ· ]∼ are isometric isomorphisms by Lemma 2.2. Consequently,
for all f ∈ HS1−β
there exists a unique gf ∈ H̄S1−β
such that [fˆ]∼ = [ĝf ]∼ , and the
0
0
map f 7→ gf is linear and continuous. In other words, for all f ∈ HS1−β
, there exists a
0
a measurable Nf ⊂ S0 with ν(Nf ) = 0 and f (t) = gf (t) for all t ∈ S0 \ Nf .
Let us find such a ν-zero set N that is an S
independent of f . To this end, we fix a
countable dense D ⊂ HS1−β
and
define
N
:=
f ∈D Nf , where we note that such a D
0
exists since HS1−β
is separable by construction. Now the definition of N immediately
0
yields N ⊂ S0 and ν(N ) = 0, as well as
t ∈ S0 \ N

f (t) = gf (t) ,

(80)

for all f ∈ D. To show the latter for all f ∈ HS1−β
, we fix such an f and a sequence
0
1−β
(fn ) ⊂ D with fn → f in HS0 . Then we have gfn → gf in H̄S1−β
by the above
0
mentioned continuity of f 7→ gf , and since both spaces are reproducing kernel Hilbert
spaces, we obtain fn (t) → f (t) and gfn (t) → gf (t) for all t ∈ S0 . Using fn (t) =
gfn (t) for all t ∈ S0 \ N and n ≥ 1, we thus find (80). Defining S := S0 \ N then
gives HS1−β ⊂ H̄S1−β and the continuity of this embedding follows from the continuity
of I and Lemma 2.2.
ii). Our goal is to apply Theorem 5.2. To this end, we first observe that (41)
holds for a set S̃ ⊂ T with ν(T \ S̃) = 0 by the assumed separability of H and
[36, Corollary 3.2]. Consequently, we may assume without loss of generality that (41)
holdsP
for the set S found in part i). Moreover, we have already seen in part i) that we
have i∈I µ1−β
< ∞, which in turn implies (42) by (18). Finally, our preliminary
i
P
considerations showed that β ≥ α/2 implies i∈I µβi < ∞, and thus Theorem 5.2 is
applicable.
Proof of Corollary 5.5: We first show that assumption i) implies assumption ii), so
that in the remainder of this proof is suffices to work with the latter. To this end, note
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that
X
j∈J

ē2j (t) ≤ sup kēj k∞
µ̄1−β
j
j∈J

X

≤ sup kēj k∞
µ̄1−β
j
j∈J

j∈J

X

µ̄βj

j∈J
∞
X

≤ 4 sup kēj k∞
j∈J

ε2β
i (Ik̄ ) < ∞ ,

i=1

where we used 1 − β ≤ β and Lemma 2.8. Consequently, k̄T1−β exists and is bounded,
and from the latter we immediately obtain [L2 (ν), [H̄]∼ ]1−β,2 = [H̄T1−β ] ,→ L∞ (ν).
i). We first note that H ⊂ H̄ implies τ (H) ⊂ τ (H̄), and hence Assumption CK is satisfied for k, too. Moreover, the continuity of the inclusion operator
I : [H]1−β
→ [H̄]1−β
considered in the proof of part i) of Corollary 5.4 implies
∼
∼
[L2 (ν), [H]∼ ]1−β,2 ,→ L∞ (ν). By Theorem 2.7, we then see that both HT1−β and
H̄T1−β do exist. Moreover, the kernels kT1−β and k̄T1−β are bounded by Theorem 2.7.
To show that HT1−β ⊂ H̄T1−β , we consider the map f 7→ gf from the proof of
part i) of Corollary 5.4. Then we have seen above that (80) holds for S0 = T and
all f ∈ HT1−β . Let us assume that there exists an f ∈ HT1−β and a t ∈ T such that
f (t) 6= gf (t). Then we have {|f − gf | > 0} 6= ∅ and {|f − gf | > 0} ∈ τ (H̄),
which together imply ν({|f − gf | > 0}) > 0, since ν is assumed to be k̄-positive.
In other words, (80) does not hold for f , which contradicts our earlier findings. This
shows f = gf for all f ∈ HT1−β and thus HT1−β ⊂ H̄T1−β . The continuity of the
corresponding embedding again follows from the continuity of I.
ii). Considering the proof of part ii) of Corollary 5.4, we easily see that it suffices
to check that (41) holds for S := T . The latter, however, follows from Lemma 2.6.
iii). All f ∈ HT1−β are bounded since the kernel kT1−β is bounded. Moreover, all
f ∈ HT1−β are τ (HT1−β )-continuous by the very definition of this topology, and since
Theorem 2.7 showed τ (HT1−β ) = τ (H), they are also τ (H)-continuous. Now the
additional assertions on the paths of Y follow from Y (ω) ∈ HT1−β for all ω ∈ Ω.
iv). Since k̄T1−β is bounded, we have H̄T1−β ,→ `∞ (T ), see e.g. [35, Lemma 4.23].
Now the `∞ (T )-convergence of (45) follows from the H̄T1−β -convergence established
in Theorem 5.1.
v). Let us fix a countable, τ -dense subset D ⊂ T . Since Y is a version of X, we
then have P ({Yt 6= Xt }) = 0 for all t ∈ D, and hence there exists a P -zero set N ∈ A
such that Xt (ω) = Yt (ω) for all t ∈ D and ω ∈ Ω \ N . Without loss of generality we
may also assume that X(ω) is τ -continuous for all ω ∈ Ω \ N . and since τ (H) ⊂ τ ,
we further see by part iii) that all paths of Y are τ -continuous, too. Now the assertion
follows by a simple limit argument.
By Lemma 2.6 the operator Ik̄ is injective, and thus [36, Theorem 3.1] shows that
(ēj )j∈J is an ONB of H̄. Consequently, H̄ is separable and Lemma 6.1 shows that
τ (H̄) is separable and generated by a pseudo-metric. If τ (H) is Hausdorff, this pseudometric becomes a metric and the assertion follows from the first part.
Proof of Corollary 5.6: i). Let us consider Corollary 5.4 for H̄ = W m (T ). Then (24)
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shows that

∞
X

εα
i (Ik̄ ) < ∞

i=1

holds for all α > d/m. Let us pick an s ∈ (d/2, m − d/2) and define β := 1 − s/m.
d
d
< β < 1 − 2m
, and hence β satisfies the assumptions of Corollary 5.4
This gives 2m
for a suitable α ∈ (d/m, 1] with β ∈ [α/2, 1 − α/2]. Moreover, we have


(1−β)m
s
[L2 (T ), [H]∼ ]1−β,2 ,→ L2 (T ), W m (T ) 1−β,2 = B2,2
(T ) = B2,2
(T ) ,→ L∞ (ν)
by Sobolev’s embedding theorem for Besov spaces, see e.g. [1, Theorem 7.34], and
hence we can apply part iii) of Corollary 5.4 and Theorem 5.1.
ii). This follows from Corollary 4.5 since (48) implies (39).

References
[1] R. A. Adams and J. J. F. Fournier. Sobolev Spaces. Academic Press, New York,
2nd edition, 2003.
[2] R. J. Adler. An Introduction to Continuity, Extrema, and Related Topics for General Gaussian Processes. Institute of Mathematical Statistics, Hayward, CA,
1990.
[3] C. Bennett and R. Sharpley. Interpolation of Operators. Academic Press, Boston,
1988.
[4] A. Berlinet and C. Thomas-Agnan. Reproducing Kernel Hilbert Spaces in Probability and Statistics. Kluwer, Boston, 2004.
[5] M. Sh. Birman and M. Z. Solomjak. Spectral Theory of Selfadjoint Operators in
Hilbert Space. D. Reidel Publishing Co., Dordrecht, 1987.
[6] M. Bozzini, M. Rossini, and R. Schaback. Generalized Whittle-Matérn and polyharmonic kernels. Adv. Comput. Math., 39:129–141, 2013.
[7] B. Carl and I. Stephani. Entropy, Compactness and the Approximation of Operators. Cambridge University Press, Cambridge, 1990.
[8] H. Cramér and M. R. Leadbetter. Stationary and Related Stochastic Processes.
Sample Function Properties and their Applications. John Wiley & Sons Inc., New
York, 1967.
[9] R. A. Devore and R. C. Sharpley. Besov spaces on domains in Rd . Trans. Amer.
Math. Soc., 335:843–864, 1993.
[10] N. Dinculeanu. Vector Integration and Stochastic Integration in Banach Spaces.
John Wiley & Sons, New York, 2000.

47

[11] M. F. Driscoll. The reproducing kernel Hilbert space structure of the sample
paths of a Gaussian process. Z. Wahrscheinlichkeitstheorie und Verw. Gebiete,
26:309–316, 1973.
[12] D. E. Edmunds and H. Triebel. Function Spaces, Entropy Numbers, Differential
Operators. Cambridge University Press, Cambridge, 1996.
[13] T. Gneiting, W. Kleiber, and M. Schlather. Matérn cross-covariance functions for
multivariate random fields. J. Amer. Statist. Assoc., 105:1167–1177, 2010.
[14] M. S. Handcock and M. L. Stein. A Bayesian analysis of kriging. Technometrics,
35:403–410, 1993.
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2013-001 Kohls, K.; Rösch, A.; Siebert, K.G.:
Problems with Control Constraints

Strong universal consistent estimate

A Posteriori Error Analysis of Optimal Control

2012-018 Kimmerle, W.; Konovalov, A.: On the Prime Graph of the Unit Group of Integral
Group Rings of Finite Groups II
2012-017 Stroppel, B.; Stroppel, M.:
Isomorphisms

Desargues, Doily, Dualities, and Exceptional

2012-016 Moroianu, A.; Pilca, M.; Semmelmann, U.:
quaternion-Hermitian manifolds

Homogeneous almost

2012-015 Steinke, G.F.; Stroppel, M.J.: Simple groups acting two-transitively on the set of
generators of a finite elation Laguerre plane
2012-014 Steinke, G.F.; Stroppel, M.J.: Finite elation Laguerre planes admitting a
two-transitive group on their set of generators
2012-013 Diaz Ramos, J.C.; Dominguez Vázquez, M.; Kollross, A.:
hyperbolic spaces

Polar actions on complex

2012-012 Moroianu; A.; Semmelmann, U.:

Weakly complex homogeneous spaces

2012-011 Moroianu; A.; Semmelmann, U.:

Invariant four-forms and symmetric pairs

2012-010 Hamilton, M.J.D.:

The closure of the symplectic cone of elliptic surfaces

2012-009 Hamilton, M.J.D.:

Iterated fibre sums of algebraic Lefschetz fibrations

2012-008 Hamilton, M.J.D.:

The minimal genus problem for elliptic surfaces

2012-007 Ferrario, P.: Partitioning estimation of local variance based on nearest neighbors
under censoring
2012-006 Stroppel, M.:
2012-005 Hantsch, F.:

Buttons, Holes and Loops of String: Lacing the Doily
Existence of Minimizers in Restricted Hartree-Fock Theory
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regression function
2010-009 Geisinger, L.; Laptev, A.; Weidl, T.:
Berezin-Li-Yau Inequalities
2010-008 Poppitz, S.; Stroppel, M.:

Estimation of the essential supremum of a
Geometrical Versions of improved

Polarities of Schellhammer Planes
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2008-002 Hertweck, M.; Höfert, C.R.; Kimmerle, W.: Finite groups of units and their
composition factors in the integral group rings of the groups P SL(2, q)
2008-001 Kovarik, H.; Vugalter, S.; Weidl, T.:
a correction term
2007-006 Weidl, T.:

Improved Berezin-Li-Yau inequalities with a remainder term

2007-005 Frank, R.L.; Loss, M.; Weidl, T.:
magnetic field

Polya’s conjecture in the presence of a constant

2007-004 Ekholm, T.; Frank, R.L.; Kovarik, H.:
operators on metric trees
2007-003 Lesky, P.H.; Racke, R.:
2007-002 Teufel, E.:

Two dimensional Berezin-Li-Yau inequalities with

Eigenvalue estimates for Schrödinger

Elastic and electro-magnetic waves in infinite waveguides

Spherical transforms and Radon transforms in Moebius geometry

2007-001 Meister, A.: Deconvolution from Fourier-oscillating error densities under decay and
smoothness restrictions

